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Histology. — The nature of the inferneuronal connections (Synapses). 
By Prof, Dr. J. BOEKE. 


(Communicated at the meeting of June 29, 1929). 


The term ‘synapse’ was introduced by SHERRINGTON and FOosTER in 
1897 to denote the nexus between neurone and neurone in the central 
nervous system, especially in the reflex-arc, and has been extended to the 
‘connection between the nerve-endings and the elements innervated by them, 
the contractile muscular elements and the sensory elements, tactile cells, etc. 
The term has in the first place a physiological meaning. In the synapse the 
stimulus is altered, there is a delay in the transmission of the stimulus in 
the reflex-arc, which is referable to the transmission in the synapse, several 
drugs may act especially on the synapse, as curari, nicotine a.o., in the 
synapse the conduction of the stimulus is polarised, made irreversible, and 
thus the physiological meaning of the synapse is quite clear, and its nature 
points undoubtedly to an independant nature of the different neurones. 
To the physiologist the independance of the neurones is a definite and 
undisputed reality. 

This physiological conception of the synapse must of course have a 
sound histological basis, and SHERRINGTON describes it in the following 
manner, which I may be allowed to quote somewhat extensively, as it gives 
such a clear expression to his opinion and to the current opinion amongst 
histologists. “As to the existence or the non-existence of a surface of 
separation or membrane between neurone and neurone, that is a structural 
question on which histology might be competent to give valuable 
information. In certain cases, especially in Invertebrata, observation 
indicates that many nerve-cells are actually continuous one with another 
It is noteworthy that in several of these cases the irreversibility of direction 
of conduction which is characteristic of spinal reflex-arcs is not 
demonstrable; thus the nerve-net in some cases e.g. Medusa, exhibits 
reversible conduction. But in the neurone-chains of the gray-centred 
system of vertebrates histology on the whole furnishes evidence that a 
surface of separation does exist between neurone and neurone, And the 
evidence of Wallerian secondary degeneration is clear in showing that 
that process observes strictly a boundary between neurone and neurone 
and does not transgress it. It seems therefore likely that the nexus between 
_neurone and neurone in the reflex-arc, at least in the spinal arc of the 
vertebrate, involves a surface of separation between neurone and neurone ; 
and this as a transverse membrane across the conductor must be an 
important element in intercellular conduction. The characters distinguishing — 
reflex-arc conduction from nerve-trunk conduction may therefore be 
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iargely due to intercellular barriers, delicate transverse membranes, in the 
former.’ (SHERRINGTON, The integrative action of the Nervous 
System, p. 18). 

As there is evidence that similar features, though not usually in such 
marked extent, characterize conduction from efferent nerve-fibre to 
efferent organ, e.g., in nerve-muscle preparation, in nerve-electric-organ 
preparation, here too the change may well be referable to the surface 
of separation admittedly existent between efferent neurone and effector 
cell. (lc. p. 16). “Even should a membrane visible to the microscope not 
appear, the mere fact of non-confluence of the conductive element of one 
cell with the conductive part of the other implies the existence of a surface 
of separation, Such a membrane would be a mechanism where nervous 
conduction, especially if predominantly physical in nature, might have 
grafted upon it characters just such as those differentiating reflex-arc 
conduction from nerve-trunk conduction. For instance, change from 
reversibility of direction of conduction to irreversibility might be referable 
to the membrane possessing irreciprocal permeability.” (l.c. p. 17.) 

So the physiological conception of a synapse separating the neurones 
is sound, and if the conductive element of the neurone be fluid, there 
must be a membranous surface of separation. For physiologists this surface 
of separation is and remains living substance, but the morphologists 
looking at the problem from the standpoint of the morphological in- 
dependance of the neurones have proclaimed their nexus to be consisting 
of dead matter, of cement substance. According to the theory of 
independant neurones, expressed very clearly by CaJAL, the end-knobs of the 
afferent cell-processes are connected with the perikaryon by means of a 
“ciment unitif’, “une substance granuleuse ou vacuolée’, which separates 
entirely the neurofibrillar endloops from the neurofibrillar network inside 
the cell. Now to my mind this cannot be true. It seems impossible to 
conceive a stimulus passing from one neurone to another through a non- 
living membrane without disintegrating. There must be living substance 
between. On the other hand this separating substance must differ from the 
conducting apparatus of the nervous elements connected by it. If the 
conducting element is fluid, it must be a membrane, so it all depends on 
the nature of the conducting element inside the neurones. 

Are nerve impulses transmitted by the neurofibrils, those delicate fi- 
brillae, we can detect everywhere in the nerve-cells and their processes, 
or was VON LENHOSSEK correct in declaring that no specific part of such 
a cell can be singled out for this special activity? Is the nerve-cell and 
especially the nerve-fibre of a viscous semi-fluid or fluid nature, as some 
micrurgists (LEWIS, PETERFI, DE RENYI) maintain, with no neurofibrils at 
all, these being only artefacts caused by the fixation reagents ? 

In the nerve-endings the neurofibrillar structure of the end-ramification 
of the nerve-fibre is seen to be prolonged into the lamellae of a distinct 
alveolar or netlike structure lying inside the protoplasm of the sole-plate 
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of the motor end-plates (connecting the nervous structure with the 
contractile substance), or inside the protoplasm of the tactile cells of the 
sensory endcorpuscles, No traces of a membrane are to be seen, as many 
histologists think probable for every synapse under the influence of the 
physiological conception of SHERRINGTON, mentioned above. This 
“periterminal network’, which I suggested to be identical with the 
“receptive substance” of LANGLEY, about which more later on, must be 
regarded as an artefact as soon as we regard the neurofibrillae, into which 
it passes as an artefact. So we can discuss both at the same time. 

If the neurofibrillae are present in the living nervous elements, but have 
nothing to do with the transmission of the nervous impulses but only 
with metabolic processes as was suggested by PARKER, this periterminal 
network too loses its significance as a means of transmissing the stimulus 
in the synapse, and we have to return to the synaptic-membrane-hypothesis 
of SHERRINGTON. So the whole conception depends on the answer to the 
question, whether the neurofibrillae are present in the living cells, and 
if so, whether they have anything to do with the transmission of the 
nervous stimulus or not. As I have discussed this question at some length 
in a paper published in 19261), and the reader finds a very thorough 
discussion of it in the chapter on the conducting element, written by 
PETERFI in BETHE'’s Handbook of Physiology in 1929, I will here give 
only a few outlines. 

Allthough only in a few cases the neurofibrillae have been seen in the 
living tissue (SCHULTZE, HESSE 1895, BozLER 1927), their arrangement 
in different cells, their ubiquity in nervous tissue, their staining capacity 
with methylene blue in living cells, the alterations they present in certain 
diseases (rabies f.i.) and in hibernating animals, the way in which they 
always appear in exactly the same form and arrangement in the same 
cells (f.i. the nerve cells of Hirudo or Pontobdella), when treated with 
different staining methods (methylene blue, chloride of gold after Apathy 
and silver), all these phenomena, to which others easily may be added, 
build up such a series of arguments, that it is absolutely impossible to 
regard the neurofibrillae as mere artefacts or to deny their existence in the 
living cell (BoEKE, 1926). The same conclusion was drawn in the latest 
contribution to the subject by PARKER 2) in 1929. 

Even when the living protoplasm of the nerve-fibre as seen under the 
microscope, with ordinary or with dark-field illumination, appears to be of 
a homogeneous nature (MATSUMOTO 1920, LEWIs 1924, DE RENyI 1929), 
we are not allowed to deny the existence of differentiations in this 
seemingly homogeneous mass, just because it is living protoplasm. When 
we draw from what we see (or better from what we do not see) under 
the microscope the conclusion, that the protoplasm of the nerve-fibre is of 


1) BOEKE, Zeitschrift f. Mikrosk.-Anatom. Forschung. VII. Bd. 1. Heft, 1926. 
2) PARKER, American Naturalist. Vol. 53, March-April 1929. 
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a homogeneous semi-fluid nature (General Cytology, 1924, p. 403) and 
that the neurofibrillae are probably due to the peculiar manner in which 
the apparently homogeneous protoplasm coagulates, we overlook the fact 
that we have to do with living protoplasm, with a mechanism, not with 
a chemical compound, and secondly we must never forget, that our 
micrurgical methods, for all their wonderful and delicate technique, are 
still as if we would try to dissect a watch with a knife and fork. The more 
we study the neurofibrillae with every histological method available, in 
living and in fixed conditions, the more we are convinced of their reality, 
even if we admit that in the living nerve-cells the protoplasm, as far as we 
can see it, may exhibit the characteristics of a highly viscous fluid 
(CHAMBERS, PETERF!). 

Only this reality does not necessarily include, that the neurofibrillae 
are present as tough filaments, as VON LENHOSSEK thought they were. To 
my opinion the neurofibrillae are present as differentiations of the living 
protoplasm with a linear arrangement of the living units (micellae or 
neurotagms or neurobionts or whatever we may call them). This differen- 
tiation may of course have a texture not much firmer than the common 
protoplasm. Even there where the neurofibrils could be seen in living cells 
and fibres, BOZLER1) points out, that they appear as strands relatively 
resistant, but that this extra firmness is so slight, as to be of no real value 
in forming a skeletal organelle, and about the same conclusion was drawn 
by PETERFI from his micrurgical experiments. We certainly may not 
regard them as tonofibrillae, in this sense, that they have exclusively the 
function of supporting elements. 

In some cases this linear differentiation perhaps may be transient, but 
it tends to become a fixed structure though variable in form, as we learn 
from the study of the regeneration phenomena. That linear protoplasmic 
structures may be transient DOEFLEIN showed us, that they may easily 
be repaired the beautiful micrurgical experiments of CHAMBERS (1924) 
on living cells in mitotic division have shown. That they may alter their 
form and arrangement even after they have developed into a regular 
network is shown us by their behaviour during the period of transition 
of the spinal ganglion cells of the embryo from bipolar to pseudo-unipolar 
cells (CAJAL). That they must be regarded as a structure of fundamental 
importance for the nerve-cell is shown by their ubiquity in nervous tissue, 
by their arrangement and by the fact that they tend to remain intact as 
long as the cell shows any signs of vitality. So vAN EsvELD (1928) was 
able to show, that they are still present and stainible in sympathetic cells 
of the plexus of AUERBACH and in the nervous strands of the plexus 
themselves after the piece of intestinal wall containing them had been 
kept for 9 days after the death of the animal at a temperature of 0° C. 
That they may be concerned with metabolic influences in the nervous 


1) BOZLER, Zeitschr. f. Zellforschung u. Mikrosk. Anatomie. 5. Bd. 1927. 
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elements, as is supposed by PARKER (1929), at least in the form of ‘“‘chains 
of ionic readjustment’ (PARKER), may be quite true, but they certainly 
have to do with the conduction of the nervous impulses. The evidence 
on which this could be denied seems to me to be very slight indeed. On the 
contrary there is every reason to suppose they are. 

The curious phenomenon, that in the nerve-endings the endloops and 
endrings of the neurofibrillar structure often lie quite close to the nucleus, 
and that in the tactile cells the nucleus is pressed against the neurofibrillar 
expansion of the nervous disc, may have something to do with metabolic 
influences, but can never be used as an argument against the conducting 
function of the neurofibrillar structure. Perhaps the nucleus might heighten 
the conductability or the excitability of the conducting structure, or at 
least have a metabolic influence upon it by which the special nervous 
function is facilitated. There is sufficient room for hypothetical 
conjectures here. 

The nature of the nerve impulse may be that it is a progressive wave of 
ionic readjustment in some membranous layer of the neurone (R. LILLIE). 
This may be present on the surface of the cells and fibres, but also on the 
surface of the linear differentiations we see as neurofibrillae. They may be 
a two-phasic system. Here perhaps the still hypothetical “‘argentophile 
substance” of the neurofibrillae may be brought into the discussion. 

The “‘argentophile substance’, which is the reason of the staining 
capacity of the neurofibrils with silver salts (a substance of which we 
know nothing more, except than that LEVI saw it oozing out from the cut 
ends of the neuroblast-processes in his cultures in vitro) may be present 
as a surface-film covering the linear units of the protoplasmic structure 
which we see in our preparations as the neurofibrillae. Biphasic proto- 
plasmic structures have often been held responsible for conductability 
of stimuli. So R. LILLIE showed in a series of important papers, that the 
property of living protoplasm for conducting stimuli in a distinct direction 
always depends on the presence of surface-films of lipoid substances on 
the cell or on the protoplasmic units, i.e. in this case on the surface of 
the protoplasmic structure we see as neurofibrillae. This may be the cause 
of their staining capacity. In the periterminal network we may see a proto- 
plasmic alveolar structure into which is prolonged the linear arrangement 
of the protoplasmic units perhaps without this lipoid surface-film, and 
so the staining capacity of the periterminal network is far less than of 
the neurofibrillar structure. 

This argentophile substance (the name was given to it by CAJAL) is 
obviously very labile (Levi, 1925). It may be present in other cells too 
(TELLO, 1926). 

It is the first thing to degenerate and to break down after the section of 
the nerve. Afterwards the protoplasmic structure itself is altered. The old 
conception, that when a nerve is cut or crushed so as to sever the conti- 
nuity of its fibres the distal part degenerates and disappears, a fact in 
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itself not easily to be understood, but always accepted as a dogma, cannot 
be true. It is only the conducting structure (differentiation) which 
disappears, the protoplasm itself remaining present and forming together 
with that of the cell of SCHWANN the protoplasmic band of BUENGNER, 
which fills up the space inside the neurilemmal tube, and conducts the 
outgrowing regenerating conducting structure to the end-organs. In the 
corpuscles of GRANDRY for instance the axis-cylindre of the nerve-fibre 
entering the corpuscle loses its neurilemma and its myelin sheath and is 
broadened into the nervous disc lying between the two tactile cells. This 
nervous disc is according to all observers a flattened-out axis-cylindre, 
in which the neurofibrillar structure appears as a disc-like network. Now 
when we section the trigeminal nerve, the neurofibrillar apparatus of the 
nervous disc degenerates and disappears. But the nervous disc itself 
remains, often shrunk and adhering to the tactile cells, but distinctly 
visible (BOEKE, 1926), and when regeneration sets in, a new neurofibrillar 
apparatus is formed by the ingrowing (or differentiating) neurofibrillar 
strands in this protoplasmic disc, reestablishing in this way the conducting 
apparatus for the stimuli coming from the tactile cells covering the disc, 
in which cells then a new periterminal network is differentiated too. So in 
this case too the neurofibrillar apparatus appears as a differentiation of 
the protoplasm, which disappears as soon as the connection with the 
trophic centrum is severed, and reappears when protoplasmic reunion 
has been reestablished and conductibility of stimuli in a distinct 
praeformated direction is needed again in the organisation of the organism. 
When the neurofibrillae in the neurones are connected specially with 
the distribution of the metabolic influences and not with the conduction 
of the nerve impulses, as PARKER supposes, it would not be clear, why 
this apparatus would disappear after the cutting of the nerve and leave 
the protoplasm living as before, but without the faculty of conducting the 
impulse in a distinct direction, and why this faculty is reestablished again 
as soon as the neurofibrillar apparatus is differentiated again. 

In the nerve-endings the neurofibrillar linear structure is, as I said 
before, prolonged into the lamellae of a distinct alveolar (or netlike) 
structure, connecting the neurofibrillar endings and end-ramifications with 
the elements into which the stimulus has to pass or from which it has to 
be received, and being comparable with the ‘‘receptive substance” 
of LANGLEY. 

Of course it is here not the proper place to review all the literature 
on the subject of this receptive substance. I will here only quote some 
statements by LANGLEY himself, to make his meaning clear. 

LANGLEY in his well-known Croonian Lecture formulated his conception 
of this receptive substance in the following way: ‘‘as none of the pheno- 
mena of nerve and muscle stimulation are due to a chemical difference 
between the axis-cylindre and the nerve-endings, it follows not only that 
the poisoning phenomena of a large number of drugs are due to changes 
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brought about directly in some constituent of the muscle, but also that the 
peripheral fatigue usually attributed to changes in the nerve-endings is 
really due to fatigue of a special constituent of the muscle. Since neither 
curari nor nicotine even in large doses, prevents direct stimulation of 
muscle from causing contraction, it is obvious that the muscle substance 
which combines with nicotine or curari is not identical with the substance 
which contracts. It is convenient to have a term for the specially excitable 
constituent, and I have called it the receptive substance. It receives the 
stimulus and, by transmitting it, causes contraction.” (l.c. page 182.) 

The receptive substance may be a part of the sarcoplasm or it may be 
a radicle of the contractile molecule. It might be urged in favour of this 
former view, that in most cases the nerve-endings inside the sole-plate 
are completely separated from the contracting myofibrillae by sarcoplasm. 

A little farther on LANGLEY admits the possibility, that a certain region 
of the junction should belong to both nerve and muscle; the special 
properties attributed to the nerve-ending might then be attributed to the 
junctional region. Here we have the physiological conception of the 
“synapse’’. 

So it seems to me, that when we see the endramifications of the neuro- 
fibrillar structure of the motor nerve lying inside the protoplasm of the 
sole without a trace of an intervening membrane between, and when we 
find a distinct histological differentiation, inside that sarcoplasm, connecting 
the neurofibrillar structure with the contractile substance, we are entitled 
to see in it the material basis for the receptive substance of LANGLEY. And 
perhaps it may be present in every synapse. According to a numbér of 
authors the endrings and endloops (‘‘Endfiisschen’’ of AUERBACH) of the 
afferent nerve-fibres are connected with the internal neurofibrillar 
structure of the nerve cells themselves by means of very delicate fibrillae. 
which by them are identified with the neurofibrillae and are demonstrated 
as a token of the continuity of the nervous elements (HELD, HOLMGREN, 
OUDENDAL, TIEGS, a.o.), The exactness of a number of these morpho- 
logical observations cannot be denied, and when we see in the neurofibrillar 
structure at least a part of the conducting of the nervous elements, and 
when we have to admit that in the synaptic region the stimulus is not 
stopped but simply altered, polarised a.s.o., a separation by a membrane 
in the sense of SHERRINGTON seems to be out of the question. The living 
substance which must connect the neuronic elements, must be able to 
conduct the stimulus, and therefore must connect in a certain way the 
neurofibrillar structures of the two elements connected. May we regard this 
fibrillar connection, a differentiation inside the living substance of the 
synapse, as neurofibrillae of the same nature as the neurofibrillar structure 
of the elements connected? We certainly have to account for the physio- 
logical peculiarities of the synapse. So it seems to me, that we may regard 
these fine and delicate fibrillae which according to a number of authors 
connect the endrings and endloops of the terminal branches of the nerve- 
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fibres with the internal neurofibrillar structure of the nerve cells them- 
selves (the interneuronal synapses), as being of the same nature as the 
periterminal network of the peripheral synapses. This would account for 
their weak staining capacity and the difficulty of demonstrating them ina 
satisfactory manner. If we could regard these interneuronal junctions as of 
the same nature as the periterminal network of the different peripheral 
nerve-endings, the physiological independance of the neurones in relation 
to drug-action and function, and the peculiar way in which the synapse 
differs from both the nerve cell and the terminal branches of the nerve- 
fibres, would be satisfactorily accounted for, together with the anatomical 
continuity of structure (and connection by living substance) between them 
which we have to acknowledge in the light of modern histology. 

About the same suggestion was made by PETERFI (lc. page 115). 

In the motor endplates we often find in silver-preparations a very black 
impregnation of the neurofibrillar structure of the nerve-ending together 
with a weak staining of the periterminal network or no staining at all. 
And in the synapses inside the central nervous system we often see a very 
strong impregnation of the extracellular endfibres together with a weaker 
staining of the neurofibrillae of the other neuron and a very weak staining 
of the synaptic connection or no staining at all. This is always held a 
very strong argument for the discontinuity of the different neurones, but 
it can be only a strong argument for a difference between the synaptic 
connection and the neurofibrillar structures connected by it. In motor 
endplates we are absolutely sure of the hypolemmal position of the nerve- 
ending and therefore of a protoplasmic connection of the neurofibrillar 
structure with the contractile substance. And yet we may examine a 
number of preparations with a very strong impregnation of the neuro- 
fibrillae of the ending without a trace of staining of the periterminal 
network or of any other protoplasmic conjunction. In the same way in the 
synapse there must be a connection of the two neuronic parts by living 
substance. In my opinion this is the only way to account for the 
transmission of the stimulus. Even the hypothetical synaptic membrane of 
SHERRINGTON must be an arrangement of units of the living substance. 
and this arrangement may be present in the periterminal network, not as a 
real visible membrane, but as a biphasic condition of the living 
substance itself. 

But the physiological independance of the neurones and the anatomical 
character of the synapse as a secondary connection, and as a connection 
differing in character from both the connected parts must be accounted 
for too. So it seems to me that the only way to bring together the opposite 
views and to give a firm basis for further work is to regard the intervening 
substance not as a sort of non-living cement substance, sometimes faintly 
striated, as CAJAL does, a connection in which no alteration is possible, 
but as a living substance, in which there is present a structure akin to the 
periterminal network of the peripheral junctions, and connecting the 
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neurofibrillar endloops with the neurofibrillar network inside the cell. As 
a living substance the synapse may alter its structure, may obtain a more 
definite linear arrangement of the units composing its connecting fibrils, 
inside its protoplasmic substance there may be formed a more complex 
organisation of its linear (fibrillar) structure, a transient part of this 
linear structure may become fixed, in short, inside the synaptic living 
substance the conducting apparatus may become more and better organised. 
In this way it might be possible to explain those alterations in the synaptic 
connections and in the transmission of the stimuli (““Bahnung”, memory, 
etc.), which are entirely unexplained when we have to regard the synaptic 
substance simply as a cement, a non-living matter, in which no alteration 
is ever possible. For we must not forget, that those alterations of the trans- 
mission of the nervous stimuli, by which stimuli, coming from particular 
cells, are enabled to follow a particular path of transmission quicker and 
easier than another path, must be localized in the synapses between the 
different neurones, and that these alterations are only possible in a living 
substance, in which a structure for the transmission of those stimuli may 
be developed. 


Utrecht, June 1929, 


Chemistry. — Minjak Pelandjau, the exudation from the wood of 
Pentaspadon Motleyi Hook f. By P. vAN ROMBURGH and A. G. 
VAN VEEN. (Provisional Communication.) 


(Communicated at the meeting of May 25, 1929). 


The exudation from the wood of Pentaspadon Motleyi Hook f. 
(Nothoprotium sumatranum Mig.) is known in the Netherlands Indies 
under the name “minjak pelandjau”’ and is employed as a remedy for skin 
diseases. Some years ago (1897) one of us (P. vi R.) obtained a sample of 
this product from Prof. NIEUWENHUIS who had obtained it during an 
expedition in Borneo ; it was a light brown coloured substance, floating on 
water and possessed a smell reminiscent of diethylresorcinol. With bromine 
water the watery part gave a white precipitate, with MILLON’s reagent a red 
coloration, but no coloration with ferric chloride solution. The brownish 
coloured product was dissolved in ether, After the removal of the solvent, a 
brown coloured viscous oil remained from which crystals separated, these 
when pure were in the form of colourless plates melting at 53°. 

As the amount of material was insufficient, continuation of the investig- 
ation was delayed until last year, when a further supply was obtained 
through the kind assistance of Prof. DE Bussy, Director of the Commercial 
Dept. of the Colonial Institute, Amsterdam, the Royal Packet Navigation 
Co., Weltevreden, and the latter Company's agent at Palembang. 

This sample was a dark reddish-brown coloured syrupy liquid with a 
smell resembling that of wood-tar and had the following constants : 
d??, 0.998; nl#, 1.5210; acid value 99.5. It gave a violet coloration when 
treated in alcoholic solution with ferric chloride, and with a 4 % aqueous 
solution of sodium hydroxide the greater part dissolved to a.soapy solution. 

It was not found possible to obtain any of the crystalline product of 
melting point 53° from an ethereal solution of the oil, and as it appeared 
that the oil had been obtained by heating the crude exudation to remove 
the water, thus causing oxidation and polymerisation of the sample, efforts 
were made to obtain specimens of the untreated crude exudation. When 
these were examined however, the product isolated was found to be quite 
different to that obtained upon the first occasion. 

Shortly after our investigation had commenced, we received a publication 
dealing with the same subject!) and have accordingly been induced to 


1) “The Chemistry of the Exudation from the Wood of Pentaspodon Motleyi”, by 
A. R. PENFOLD and F. R. MOrRISON, Journal and Proceedings of the Royal Society of 
New South Wales, Vol. 62, 218, (1929). 
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publish a preliminary note of the results of our investigation in so far as it 
has proceeded. 

The exudation investigated by PENFOLD and Morrison had been obtained 
from New Guinea and they showed that it contained about 90—95 % of 
acidic substances possessing rather unusual properties. Since the oil was 
not volatile in steam, some difficulty was experienced in deciding whether 
the principal component was a chemical entity or a mixture. They found 
the principal acid constituent to possess the following constants: d, 1.0132; 
n?, 1.5270: acid value 145.32, (after acetylation) 106.5; saponification 
value 152.90, (after acetylation) 203.24; iodine value (WIjs) 188.3; 
Mol. weight (calculated from acid value) 385; Mol. weight (LANDSBERGER) 
384. An alcoholic solution of the acid gave a violet coloration with ferric 
chloride. These authors regard the acid as being monocarboxylic, containing 
two hydroxyl groups, and ascribe to it the formula Cy4H3,04. Copper and 
silver salts were also prepared. 

The sample investigated by us had been collected in Sumatra, and was 
in the form of a light brown coloured pasty mass mixed with water. The 
watery part showed a slight acid reaction, and the crude product was 
soluble in a 4 % solution of sodium hydroxide. In an alcoholic solution it 
gave a violet coloration with ferric chloride. 

The pasty mass was pressed as free as possible from oil and a part of 
the hard cake dissolved in acetone, the solution allowed to evaporate slowly 
ata low temperature and the resultant crystalline material again pressed. 
In this way an almost colourless inactive acid was obtained melting at 
25—26° (in its purified condition it gave only a weak coloration with a ferric 
chloride solution) and having the following constants: n?_ 1.5225; 
diz, 1.005. 

Analysis: Found: C 77.42, 77.44; H 9.79, 9.66. 

Co4H3,03 requires: C 77.34, H 9.76. 

Mol weight by titration: Found: 375. Calc. for Cy4H3,03 372.3. 

Silver salt. The silver salt was prepared by precipitation either of an 
alcoholic solution of the free acid or of an aqueous solution of the 
ammonium or sodium salt of the acid with silver nitrate solution. 

Analysis: Ag Found: 22.5, 22.4 

Cy4H3,O03Ag requires: 22.54 

When the acid was heated in an oil bath carbon dioxide evolution was 
appreciable at 195°. The temperature was allowed to rise and maintained 
at 230° until carbon dioxide evolution ceased. The loss in weigth amounted 
to about 11 % and the acid value had fallen from 148 to 5. 


Oxidation of the acid with potassium permanganate. 


To 10 grams of the acid in alkaline solution was slowly added at room 
temperature potassium permanganate dissolved in water till a permanent 
pink colour persisted. The solution was then filtered, the filtrate acidified 
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with sulfuric acid and distilled to remove the volatile acids formed ; the 
yield of the latter was rather poor. 

The solution was cooled and extracted with piney in order to obtain the 
dicarboxylic acids formed. After removal of the ether from the extract 
there remained a white microcrystalline product which proved to be a 
mixture of azelaic and suberic acid. These acids were identified by their 
melting points (resp. 105—106° and 139—140°), by the mixed melting 
point and molecular weight determinations. 


Esterification of the Acid. 


Thirty grams of the acid were converted into its sodium salt by treatment 
with aqueous sodium hydroxide solution to which a little methyl alcohol 
had been added to increase the solubility of the acid. About three grams 
of sodium hydroxide were sufficient for neutralisation, and in order to 
remove the neutral products the alkaline solution was extracted several 
times with ether, the extraction was rendered difficult owing to the soapy 
nature of the liquid. The neutral products amounted to about 0.2 gm. 

The silver salt was precipitated by the addition of silver nitrate to the 
alkaline solution, it was filtered off, washed with water and dried in vacuo 
at 60° over phosphorous pentoxide. 

The greyish-white coloured silver salt was boiled with 30 grams of 
methyl iodide and 10 grams of ether for 8 hours, the silver iodide filtered 
off, washed with ether and the ethereal solution extracted with a dilute 
solution of sodium hydroxide to remove free acid. The ethereal solution of 
the ester was dried with sodium sulphate and after removing the ether, 25 
grams of the methyl ester were obtained. Three grams of unchanged acid 
were recovered. 

The ester was distilled in high vacuum (0.4 mm.) and a small preliminary 
fraction containing some crystals collected. The main fraction distilled 
without decomposition at 225—235° and collected in the form of a mobile 
liquid possessing a not unpleasant smell. A residue of about three grams 
remained in the distilling flask. Redistillation of the main fraction in high 
vacuum did not alter the boiling point, a middle fraction amounting to 
5 grams was collected. It had the following constants : dy, 0.9170 ; 
ny, 1.51477 and its molecular weight, determined by RAST’s method, was 
found to be 400. The readings however were not t very sharp, so this result 
cannot be regarded as accurate. 

Analysis: Found: C 76.57, 76.66; H 9.85, 9.74. 

Cy5H3gO03 requires: 77.4 C, 9.85 H. 

The analysed ester had assumed a light brownish colour. Another portion 
which had been exposed to the air gave still lower figures for C and H. 

Analysis': : C:75.7, 75.8 >Hi 9:7, 9,8: 

From the constants of the freshly distilled ester, mentioned above, 


695 


follows: M.R. for Cos;H3gO3 = 119.8. Calculated for CysH3gO3 with 
[5,2 conjugated systems, M.R. 119.6 or [6,1 conjugated system; M.R. 119.7. 


Hydrogenation of the methyl ester. 


From the results of two small preliminary experiments it was found that 
by hydrogenation in ethyl acetate with platinum black and in acetic acid 
with platinum oxide, in all five molecules of hydrogen were taken up. 
Hydrogenation proceeded more quickly in the latter case, and in both 
experiments the first two molecules were absorbed very quickly but the 
remaining three more slowly and only after the partially reduced solid 
product had been recrystallised from ethyl acetate. 

In a third experiment, 7.3 grams of the ester in an equal weight of 
acetic acid with 0.2 gram platinum oxide were shaken with hydrogen. After 
15 minutes the first molecule of hydrogen had been taken up and in one 
hour the second, further shaking and the application of heat were ineffective 
in causing further hydrogenation. The product was then recrystallized once 
- from ethyl acetate and hydrogenated in the same solvent using platinum 
oxide, when three molecules of hydrogen were absorbed in the course of 
about 12 hours, the solution being gently heated. The reduction product 
softened at 60° and melted at 65°. The analyses and physical constants 
agree well with the formula Cy;H4gO3 and show the substance to contain 
a ring system. 

Analysis: Found: C 76.19, 76.00, 76.20; H 12.07, 11.90, 12.02. 

Co5H4gO3 requires: C 75.76; H 12.12. 
eile) eee O74 d?5, 0.8848. 
M.R. CosH4gO3: Found: 119.65; Calc. 120.15. 
M.R. CosHs9O3: Found: 120.15; Calc. 122.35. 


Ozonisation of the methyl ester. 


A. Volatile Products: 5 grams of the ester in 50 cc. of pure dry carbon 
tetrachloride were ozonized at 0°, using ozone of about 5 % strength, until 
the solution was stable towards bromine. The ozonisation required about 
24 hours, the product obtained being gelatinous. The carbon tetrachloride 
was removed as far as possible in vacuo at room temperature, 10 cc. of water 
added to the residue and the mixture heated to 100—105° for about 
2 hours. The volatile products were distilled off and collected in a vessel 
cooled at first by a mixture of solid carbon dioxide and ether, subsequently 
by a mixture of ice and salt, and the amount of carbon dioxide evolved 
quantitatively determined by absorption in 50 % caustic potash solution. 
' After the volatile products had been distilled off, the residue was slowly 
oxidized at 0° with a 4 % solution of potassium permanganate. After 3 
grams of permanganate had been used up, the alkali in the absorption 
apparatus had become saturated to carbon dioxide and had increased in 
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weight corresponding to 1.3 grams of carbon dioxide. Considering the fact 
that a further two grams of permanganate were required for complete 
oxidation at 0°, it must be assumed that at least three molecules of carbon 
dioxide were split off. This could take place either by the oxidation of 
oxalic acid, or by the thermal decomposition of a possibly substituted malonic 
acid or an a-ketonic acid during the decomposition of the ozonide. 

The distillate consisting of the volatile products appeared to consist for 
the greater part of propionaldehyde and the presence of this substance was 
confirmed by the preparation of its p-nitrophenylhydrazone, which in its 
impure form melted slowly at 110° and after two recrystallisations from 
alcohol at 115° (yield 0.7 gram) a further two ccrystallisations from the same 
solvent raised its melting point to 118°. A mixed melting point determination 
carried out with a sample of propionaldehyde of melting point 119° caused 
no depression. Formaldehyde could not be identified as one of the products, 
using the dimedon method. Acetaldehyde could be detected only by RIMINI’s 
reaction, which is not highly specific. The amount of acetaldehyde if 
present, could not be very considerable on account of the high degree of 
purity of the propionaldehyde p-nitrophenylhydrazone, and it was most 
probably formed from a small quantity of an isomeric substance mixed 
with the original acid. That the acetaldehyde was formed from the half 
aldehyde of malonic did not seem very probable from the results obtained 
from a second experiment conducted with 5 grams of the methyl ester. In 
this case the ozonide was decomposed by heat but not subsequently 
oxidized. 350 mgms. of carbon dioxide were liberated, equivalent to more 
than one-half of a molecule of carbon dioxide to each molecule of ester. 
Since acetaldehyde was present only in very small quantity, the carbon 
dioxide liberated must owe its origin to the decomposition of a substituted 
malonic acid or to an a-ketonic acid. In this experiment about 5 grams of 
permanganate were necessary for the complete oxidation of the non-volatile 
products, and the total amount of carbon dioxide amounted to 1.9 grams, 
thus to not more than three molecules. 

B. Non-volatile Products. The reaction product from the first lot of 
5 grams of ester ozonized and oxidized, was rendered slightly alkaline. 
filtered free from manganese dioxide and the latter warmed with a very 
dilute solution of sodium hydroxide, filtered off and washed out with ether. 
The collected filtrates were acidified with sulphuric acid and steam 
distilled until no more acid products came over. The distillate smelled of 
higher aliphatic acids and contained a thin layer of oil floating on the 
surface, this was extracted with ether, made slightly alkaline with 4 cc. of 
a 10% solution of sodium hydroxide and esterified by the action of 
methyl iodide on the silver salts. No acid was recovered from the ethereal 
solution of the esters. Fractional distillation of the esters gave besides 
methyl propionate, a fraction (0.5 gm.) boiling between 140—150° 
(atmospheric pressure) and a small fraction boiling between 150—160°. 

They probably contained the ester of a caproic acid. The products that 
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were non-volatile in steam were separated by means of ether and alkali 
into acid and neutral portions. The alkaline portion was acidified, extracted 
with ether, washed, and the aqueous washings again extracted with ether, 
no water soluble polycarboxylic acids were found to be present. 

The water insoluble acid was neutralized, 1.5 grams of acid requiring 
about 80 cc. of normal sodium hydroxide solution. Assuming that the acid 
was monobasic, its equivalent weight thus amounted to 188. Esterification 
of the acid by the action of methyl iodide on the silver salt gave an ester 
that boiled between 150—160 (12 mm.) and after saponification with 
alcoholic potash an acid was obtained which after recrystallisation from 
water melted at 105° and was identified as azelaic acid by titration and a 
mixed melting point determination. The value obtained for the equivalent 
weight before the final esterification indicated that the acid was in the form 
of its half ester, the ester group apparently having been introduced during 
the esterification of the mixed acids. 

An experiment was carried out in which 2 grams of the ester were 
ozonized and worked up without permanganate oxidation. A difficultly 
soluble aldehyde, volatile in steam, was obtained in the form of an oil. It 
possessed a strong smell similar to that of an aliphatic aldehyde containing 
from 6 to 9 carbon atoms (e.g. oenanthal) and readily discoloured 
permanganate solution. It was thus probably the aldehyde of caproic acid 
or one of its isomers. 


t- 


Summary. 


The exudation from the wood of Pentaspodon Motleyi has been found 
to consist for the greater part of a crystalline acid of the formula Cy4H3,03 
possessing five ethenoid linkages, one hydroxyl group and a ring system. 

Oxidation with potassium permanganate gave azelaic acid and suberic 
acid. 

The products obtained by the ozonisation of the methyl ester and 
subsequent decomposition of the ozonide were identified as propionaldehyde, 
caproic acid (or one of its isomers), oxalic acid and azelaic acid. 


45 
Proceedings Royal Acad. Amsterdam. Vol. XXXII. 1929. 


Physics. — Zur Thermodynamik und Kinetik der thermoelektrischen 
Erscheinungen in Krystallen, insbesondere des BRIDGMAN- 
Effektes. 1. Von P. EHRENFEST und A. J. RUTGERS. 


(Communicated at the meeting of June 29, 1929). 


BRIDGMAN hat 1925 einen neuen thermoelektrischen Effekt in Krystallen 
entdeckt, den er inneren Peltier-Effekt nennt'): Fliesst durch einen 
Einkrystall-Draht von der in Fig. 1 angegebenen Form (die Schraffierungs- 


A Sot rorES M etal 


tichtung bezeichne die Richtung der Hauptachse des als einachsig ange- 
nommenen Krystalls) so tritt in dem Knie BC, wo die Stromlinien 
umbeugen, eine lokale reversible Erwaermung auf; diese raeumliche 
Waermeentwicklung ist — aus allgemeinen thermodynamischen Gruenden 


1) P. W. BRIDGMAN.. Proc. Nat. Acad. 11, p. 608, 1925. Thermal conductivity and 
thermoelectromotive force of single metal crystals. — Siehe auch: P. W. BRIDGMAN 
Phys. Rev. 31, p. 221, 1928. 
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— entgegengesetzt gleich der Peltierwaerme J/,\), die an der Uebergangs- 
flaeche D auftritt. 

Mit Recht weist BRIDGMAN darauf hin, dass dieser Effekt theoretisch | 
darum besonders bemerkenswert ist, weil er schon innerhalb eines 
homogenen, ueberall gleichtemperierten Krystalls auftritt. 

BRIDGMAN macht ausdruecklich darauf aufmerksam'), dass die Glei- 
chungen, die VoiGT’) fuer die thermoelektrischen Erscheinungen in 
Krystallen laengs thermodynamischem Wege entwickelt hat, diesen Effekt 
nicht liefern. Da allgemein Voict’s Theorie als Weiterfuehrung der 
thermodynamischen Theorie von KELVIN?) (1856) gilt, so spricht BRIDGMAN 
die Vermutung aus, dass auch diese den Effekt nicht liefern koenne. 

Bei naeherer Analyse dieser Frage *) fanden wir zu unserer Ueber- 
raschung Folgendes: 

In VoiGct’s Formeln fehlen gewisse Glieder, raeumliche Differential- 
quotienten des Stromvektors enthaltend, die in KELVIN’s Gleichungen 
vorkommen. Es ist ,dieser Unterschied, der bewirkt, dass VOIGT’s Formeln 
den BRIDGMAN-Effekt nicht liefern. 

Die KEtviNschen Formeln lassen sich auch kinetisch ableiten, und, wie 
wir zeigen wollen, schon unter sehr allgemein gehaltenen Annahmen 
ueber die Elektronenbewegung und ihre Statistik. 

Der einzige uns bekannte Versuch, die Thermoelektrizitaet in Krystallen 
kinetisch zu deuten, liegt in der sehr interessanten Arbeit von HOUSTON”) 
vor, die, an SOMMERFELD anschliessend, ebenfalls mit der Fermi-Dirac 
Statistik fuer die Elektronen rechnet. Bei der naeheren Durchfuehrung 
des anisotropen Modelles ist aber HOUSTON — wie uns scheint — ein 
Versehen unterlaufen °), das seine Rechnungen so sehr vereinfacht, dass 
er sie bis zu Ende durchfuehren kann. Wir vermoegen nicht zu sehen, 
wie das auch noch nach Beseitigung dieses vereinfachenden Versehens 
in aehnlicher Vollstaendigkeit geschehen koennte. 

Wir haben deshalb, von vornherein auf eine derartige Vollstaendigkeit 
des Durchintegrierens verzichtend, das Modell allgemeiner gehalten, und 
die Rechnung so angeordnet, dass man sie vermutlich durch geringe 
Modifikationen an die jeweilige Weiterentwicklung der Leitermodelle 
wird anpassen koennen. 


1) Lic. p. 611. 

2) W. VOIGT. Thermodynamisches zu der Wechselbeziehung zwischen Galvanismus 
u. Waerme. Ann. d. Phys. 67, p. 717, 1899. — W. VoicT. Lehrbuch der Kristallphysik. 
Teubner 1910. p. 537—551. 

3) W. THOMSON. Edinb. Proc. 3, p. 255, 1854, Edinb. Transact. 21, p. 153, 1857. 
Phil. Mag. 11, p. 379, 1856. Math. a. phys. Papers Vol. 1, 1882, p. 232, ins bes. p. 287. 

4) Wir verdanken einem Vortrag von Prof. BRIDGMAN auf dem Natuurk. Colloquium 
und der daran anschliessenden Discussion die Anregung zur Beschaeftigung mit dieser Frage. 

5) W. V. HousToNn. Z. f. Ph. 48 p. 449, 1928. Elektr. Leitfaeh. auf Grund d. Wellenmech. 

6) Vergl. II § 2 Bemerkung betreffs Gl. 33 und 40 P 462, 463 von Houstons Arbeit. 
Seine Berechnungen fuer Isotrope Leiter bleiben uebrigens durch dieses Versehen voellig 
unberuehrt. 
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I. Thermodynamische Behandlung ’). 


§ 1. Die Gleichungen von KELVIN. Wir wollen sie zusammenstellen 
und einige Bemerkungen an sie knuepfen, ehe wir sie thermodynamisch 
ableiten. 

Das Leitersystem bestehe aus Krystallstuecken, die laengs gewisser 
Diskontinuitaetsflaechen aneinander stossen. Ueberdies moegen die Einzel- 
stuecke von Punkt zu Punkt kontinuierlich verschiedene Zustaende be- 
sitzen, z.B. durch Differenzen der chemischen Zusammensetzung oder des 
Druckes, insbesondere aber wegen einer Temperaturvertheilung T (x; x23). 
Die Stromvertheilung besitze die Komponenten ix (x; 22x3) [a=1, 2, 3], 
-wobei stets sei: 


Oi. 
Se S100 ee es 
we =0 (1) 
Wir behaupten: Die reversibele thermoelektrische Waermeentwicklung 
per c.m. und sec. (x; x)x3) ist darstellbar in der Form: 


=F eae fo ee 


f 


und an den Diskontinuitaets-Flaechen zwischen zwei Medien per c.m. 
und sec.: 
M" N, N> N;3 TY 


o = T'| Nata Sag | xy die Cosin. d. Normalen (t) 


Ferner: Die elektromotorische Kraft des Leitersystems baut sich auf 
aus lokalen Beitraegen, deren Komponenten E, sich spalten in Ei die 
elektromotorische Kraft, die wegen des i-Feldes der Ohmsche Widerstand 
liefert, und Ez, diejenige elektromotorische Kraft, die auch bei Abwesenheit 
des Stromes wegen der raeumlichen Inhomogeneitaeten in der Zusammen- 
setzung und Temperatur des Leitersystems besteht. Fuer die Ex erhaelt 
KELVIN die Darstellung: 

Od, 
“Ox 


oR 


Saf a 


Digicel SNe ie Teen) 


1) Die thermodynamische Behandlung, die wir hier zum Vergleich mit der kinetischen 
voranschicken, weicht nur formell von derjenigen ab, die KELVIN in seiner klassischen 
Pionierarbeit mit Huelfe von Kreisprozessen gegeben hat. Hingegen ist sie wirklich wesent- 
lich verschieden von derjenigen VOIGT's. — Wir fanden die Thermoelektrizitaet in 
Kristallen noch an folgenden Stellen besprochen: WINKELMANN Handbuch der Physik 
(1905), Bd. 4 1 p. 730 (Art. F. BRAUN, bes. p. 746) erwaehnt kurz die Arbeit von KELVIN 
und gibt ausfuehrlich die Rechnung von VOIGT wieder. — Handbuch der Physik Bd. 13 
Kap. 5 (Art. G. LASKI) p. 205 fuehrt nur einige Resultate der Theorie an. Die experi- 
mentellen Arbeiten von G. BORELIUS und A. E. LINDH Ann. d. Phys. 53 p. 97 1917 
und E. GRUENEISEN und E, GOENS berufen sich kurz auf die Resultate der Theorie. 

In der Arbeit von P. W. BRIDGMAN Proc. Nat. Acad. Amer. 11 p. 608, 1925 wird 
auf die Unstimmigkeit zwischen VOIGT's Resultaten und BRIDGMAN’s Experiment gewiesen. 

2) Wir lassen in der iiblichen Weise die Summenzeichen iiber doppelt autretende 
Indices weg. 
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An den Diskontinuitaetsflaechen kommen dann noch Potentialspruenge 
hinzu: 


NN ee ee ee, et se SD) 


Hierin sind Sug (x; x2 x3) die Komponenten eines von iz (x; x2 x3) un- 
abhaengigen Tensorfeldes, deren Werte in den Punkten x, x) x3 von 
dem dort befindlichen krystallinischen Material, seiner Orientierung, 
seiner Temperatur T (x, x2 x;) ') und eventuellen anderen Zustandsgroessen, 
wie elastischen Spannungen etc. abhaengen. 

R(x; x23) ist eine skalare Groesse, ebenfalls unabhaengig von 
ix (x; X23), aber beliebig abhaengig von den anderen angefuehrten 
Groessen. Ueber die Werte von R(x, x. x3) und seine Spruenge R’—R’ 
koennen aber irgendwelche thermoelektrische Messungen keinerlei Auf- 
schluss geben. (Die kinetische Deutung fuehrt gerade in dieser Beziehung 
wesentlich tiefer. Vergl. II § 9). 


§ 2. Ableitung des BRIDGMAN-Effektes und der anderen Waerme- 
Effekte aus den KELVIN-Gleichungen. Entwickele (I) in die folgenden 
Bestandtheile: 

Oi 


0S.g OT Oia 
0x3 


0’ Sag 
Fy . oxe + TSag . (3) 


as Pt 


Mesie Ih 


dT 
Der erste Term entspricht der THOMSON-Waerme I Ca in einem 


homogenen (isotropen) linearen Leiter. Der zweite der PELTIER-Waerme; 
(betrachte ein materiell inhomogenes, aber uniform temperiertes Gebiet). 
Der dritte Term endlich bleibt auch in einem homogenen Krystall mit 
uniformer Temperatur bestehen, und stellt den lokalen Beitrag zum 
BRIDGMAN-Effekt dar. 

@ ist die PELTIER-Waerme an einer Diskontinuitaetsflaeche, wobei 
aber in krystallinischen Leitern noch zwei Besonderheiten zu bemerken 
sind: 1. Gl. (I) besagt, dass auch an einer Flaeche, wo zwei gleiche und 
gleichtemperierte Krystalle aneinander stossen, ein w auftritt (siehe z.B. 
die Waerme JJ, an Flaeche D der Fig. 1). 2. Wie schon KELVIN 
‘voraussagte*) und zuerst BORELIUS und LINDH *) experimentell bestaetigten, 
verlangt (I) das Auftreten eines w auch an der freien Oberflaeche der 
krystallinischen Leiterstuecke, falls ihre Begrenzung schief gegen die 


0 
1) In allen unseren Rechnungen bedeutet Fx Stets die gesammte raumliche Aenderung 


lee cite ate 
die nur gelegentlich (z.B. § 2) in die Bestandtheile or 7 a ie gespalten wird. 


2) W. THOMSON Papers’ 1 p. 268. 
3) G. BORELIUS u. A. E. LINDH. Ann. d. Phys. 53 p. 110, 1917. 
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Krystallachsen verlaeuft. z.B. bei der Anordnung wie in Fig. 2 seitliche 
Waermeabgabe resp. Aufnahme auf Oberflaechen A und B. 


AIO 


Fig. ye 


A. Fuer isotropes (oder auch z.B. holoedrisch kubisches) Material ist 


ME! 
meee 


Saz (x) = daz S (x) G.2==9\. “6 ee 
und somit 
ep Go Olvg + 0S Oix 
ota Too bie Tras igctie) oe 
oz TS Neils et eee 


Wegen (1) verschwindet hier also der dritte Term in (4s), dh. der 
BRIDGMAN-Effekt. Und an der aeusseren Begrenzung der Leiter, wo ja 
Nz iz =0 ist. verschwindet dann auch die KELVIN-BORELIUS-Waerme. 

B. Bei ueberall uniformer Temperatur muss die in der Anordnung der 
Fig. 1 zwischen B und C in toto entwickelte BRIDGMAN- Waerme ent- 
gegengesetzt gleich sein der an der Diskontinuitaets-Flaeche D ent- 
wickelten JI,\. Andernfalls muesste, wie man durch eine ergaenzende 
Ueberlegung einsehen kann, das System bei einer uniformen Temperatur 
Strom liefern, entgegen dem zweiten Hauptsatz. Die Gl. (I) liefert — 
wie es sein muss — dasselbe Resultat: Integriere (I) ueber das gesamte 
Kniegebiet, T ist constant; GAuss-Theorem liefert Transformation auf 
Oberflaechen-Integral. Die Beitraege laengs aeusseren Oberflaechen 
(KELVIN-BORELIUS-Waerme) erweisen sich in der vorliegenden Anordnung 
als =0. Die Beitraege bei B.C, sind schliesslich entgegengesetzt gleich 
der wegen (I) bei D auftretenden Waerme. 

C. Die Gleichungen von VoictT (Beschraenkung auf homogenen un- 
gleich temperierten Kristall) haben die folgende Struktur '): 
OVng (1 5) 


= tz aad 
Ss 


(6) 


0i 
Da sie keine — enthalten, muesste in homogenem uniform tempe- 


0x3 
riertem Krystall @ stets verschwinden- im Widerspruch mit dem experi- 
mentellen Nachweis des BRIDGMAN-Effektes. 
1) W. VoicT. Lehrb. d. Kristallphysik p. 543, gl. (411). Nur fiir den Fall eines homo- 
genen i,-Feldes zieht er die i, unter das aeat 549 gl. (429). 
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§ 3. Hin Huelfstheorem zur Erleichterung der thermodynamischen 
Ableitung von I und II. Ein Vektorfeld Kz (x, x. x3) besitze in einem 
Gebiet I folgende Eigenschaft. Mit jedem i.-Feld, das den Bedingungen 
genuegt: 


in * (im Inneren ree (auf Oberflache 
cer von I’) OES ao von I’) rey 
liefere es 

feKeuao.. sss... - (9) 


r 


Es existiert dann ein W(x, x2 x3), so dass: 


(10) 


Beweis: Zerlege das i-Feld in in sich zuruecklaufende Stromroehre; 
da in den verschiedenen Roehren die Stroemung noch unabhaengig 
variiert werden kann, muss das Integral (9) schon fuer jede einzelne 
Stromroehre separat =O sein; daraus folgere: Linienintegral 


([Kds=0 


und zwar fuer jede geschlossene Kurve, weil ja (9) fuer beliebige 
Stroemungen (7), (8), gelten soll. Daraus weiter (10). 


§ 4. Zwei Annahmen ueber die reversible Waermeentwicklung w (x, x2x;). 
A. Gehoeren zu den Stromvertheilungen i. (x) und i, (x) die reversiblen 
Waermeentwicklungen (x) und w(x), so zu iz iz +i, die Waerme 
oo’ + 0". 
: 01 : 
B. w haengt ab von i, und —~, aber nicht von hoeheren Differential- 


0x2 


quotienten etc. 1). 


0? ix 
0x2 Oxy 

Es ist zweckmaessig sogleich w/T statt w zu betrachten: (im Hinblick 
auf II H.S.). Aus A. und B. folgt: 


die 
Ox, 


Faia Ag+ Bee ea kn ot T 
A, und Bag sind Funktionen von x; x; x3, da sie von Material- und 
Temperatur-Vertheilung abhaengen. (Da bei Koordinatendrehung die 


ix sich wie Vektorkomponenten, w wie ein Skalar verhaelt, so Az, Bus 


1) Auch die kinetische Rechnung macht diese Beschraenkung plausibel. 
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wie die Komponenten eines VWektor- und Tensor-Feldes). (11) laesst 
sich umformen in: 


ty) 
= te Ag a One (iz Bzs) . ’ . . . . . (12) 


, Sei eS) 


§ 5. Anwendung des IJ. Hauptsatzes liefert eine naehere Beschraenkung 
der Koeffizienten A. wodurch (12) gerade die Form (I) annimt. Der 
Zustand des Leitersystems bleibt naemlich zeitlich constant und also 
auch seine Entropie'). Somit muessen die pro Zeiteinheit an den ver- 
schiedenen Stellen des Leiters reversibel an die Waermereservoire 
abgegebenen Waermemengen w solchen Entropieabgaben (positiven und 
negativen) w/T entsprechen, dass letztere bei Summation ueber das 
ganze Leitersystem sich zu Null ergaenzen 7’). D.h. es muss sein: 


Oe ce 


fet [i Act ge, (Bas) |=0 Re iTS 


und zwar fuer jede moegliche, d.h. den Bedingungen (7), (8) genuegende 
i-Vertheilung. 

Nimm nun solche in sich zuruecklaufende i-Vertheilungen, die schon in 
einem endlichen Abstand von der Oberflache des Leiters kontinuierlich 


oder wegen (12): 


1) Fuer VOIGT's thermodynamische Berechnungsweise ist characteristisch, dass bei ihm 
trotz der Stationaritaet und trotz der Beschraenkung auf die reversibeln Theile des Prozesses 
die Entropie des einzelnen Volumelementes dauernd mit der constanten Geschwindigkeit 
w/T veraendern soll. — Siehe Lehrbuch der Kristallphysik Gl. 398 p. 539. Vergl. auch 
VoIcT’s “Compendium der theor. Physik’’ (Leipzig 1896) II p. 324, 335, Rechnung fuer 
Isotrope Leiter. 

2) Es ist hiebei in der neblichen Weise angenommen, dass trotz des begleitenden irre- 
versibeln Prozesses der gewoehnlichen Waermeleitung fuer den reversibeln Theil des 
Prozesses separat die Erfuellung des IIten Haupsatzes zu verlangen ist. Die so gewonnenen 
Resultate werden durch die kinetische Rechnung bestaetigt. Vergleiche auch das Kreis- 
prozessverfahren mit offenen, stets uniform temperierten Leitern (lineare, isotrope Leiter) 
durch das H. A. LORENTZ Arch. Neerland. 20, 1885 und Pogg. Ann. 36, 1889 den 
Einwand vermeidet, den BOLTZMANN (Wien. Akad. 96, 1887. — Wiss. Abhandl. 888 
p. 321 gegen das uebliche Verfahren entwickelt hat. — Zur Darstellung des Textes sei 
noch bemerkt: Das einzelne Leiterelement haelt seine Entropie zeitlich constant. Es gleicht 
seinen Entropieaustausch mit dem Waermereservoir aus durch einen reversibeln Entropie- 
austausch mit den benachtarten Leiterelementen. Naemlich mit Huelfe der Entropiestroemung, 
die (siehe § 8) an die i-Stroemung geknuepft ist. 
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auf den Wert 0 gesunken sind.') Dank GAuss-Theorem verschwindet 
dann wegen Divergenz~Form der zweite Theil des Integrales (15) und 
es muss also auch schon separat 


[ari Ae=o. ee eee 


sein, fuer alle solche i,-Vertheilungen. Das Huelfstheorem von § 3 liefert 
dann, dass A, aus einem Potential ableitbar sein muss: 


Ac=— Mma estes 2 (87) 


Dann laesst sich aber mit Huelfe eines Tensors 


ae SS Dapia Ose se® vale eee aes. so (18) 
die Gleichung (12) umschreiben in: 
Ors 
TJs (ix Sa3) ° . . . . . ° . . (19) 


womit Gl. (I) (§ 1) bewiesen ist. 


§ 6. Die Anwendung des I. Hauptsatzes liefert Gl. (II) fuer die Ez. 
Da naemlich auch der Energie-inhalt des Leitersystems zeitlich constant 
bleibt, so muss die durch die EX geleistete Totalarbeit plus der totalen 
reversibel entwickelten Waerme gleich Null sein; d.h. es muss sein: 


[dclo+iBJ=0. Men ero a leat MeO) 


Bringe (19) erst auf die Form: 


o=——-t TS)—i.'5 (21) 


Fuehre (21) in (20) ein und betrachte, wie in § 5 die nicht bis an den 
Rand reichenden moeglichen i.-Vertheilungen, so reduziert sich (20) 
wieder wegen Gauss-theorem auf: 


Dae OT he. 
fac la E ae Sag eT fa oC ee (22) 


1) In die Summation (14) muessten natuerlich auch noch die @/T an den Discontinuitaets- 
und auesseren Grenz-Flaechen des Leitersystems mit aufgenommen werden. Um die © 
‘nicht zugleich mit den @ betrachten zu muessen, nehmen wir zunaechst an, dass im Leiter- 
system keine inneren Discontinuitaeten vorliegen und wenden betreffs der i-Verteilungen 
den Kunstgriff des Textes an. Speziell muss dann auch fuer i ein continuierlicher Abfall 
angenommen werden, weil sonst, wegen (J) im kristallischen Leiter doch noch @ an den 
Sprungstellen von i auftreten wuerden. Z.B. am Rande einer alleinstehenden Stromroehre. 
Der Entropiestrom steht eben in kristallischen Leitern in allgemeinen schief zum i-Strom 
(sehe § 8). 
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Da dies wieder fuer jede der letztgenannten i«-Vertheilungen gelten 
soll, so folgt aus Huelfstheorem § 3: 


oT OR 


hee 7 
a 0x, OX 


R eine unbekannt bleibende R(x; x, x3); womit Gl. (II) bewiesen ist. 


k= (23) 


§ 7. Die Gl. (I), (Il) fuer die Diskontinuitaetsflaechen and Randflaechen 
des Leitersystems findet man in der ueblichen Weise durch einen Grenz- 
uebergang aus den Gl. (I) und (II). Dabei hat man zu beruecksichtigen, 
dass zwar fuer die Sug (x, x2 x3) und ix (x)-Vertheilungen Diskontinuitaeten 
zu beachten sind, aber T (x, x2 x3) in allen realisierbaren Faellen als stetig 
vertheilt gelten kann. 


§ 8. Die Entropiestroemung. Die Divergenzform der Gl. (19) legt 
nahe, das Vektorfeld 


Sq (x) ==t2 (hone (x) et ene te 


als die mit der elektrischen Stroemung ix verknuepfte Entropiestroemung 
s; zu bezeichnen. w ist dann mit ihrer Aufstauung verknuepft, d.h. (I) 
nimmt die Form an: 


Lp 
0x 


o=— (25) 
In den hierfuer geeigneten Krystallklassen koennte Sug Sg. sein. 
(Vergl. fuer Kinetische Deutung: Theil II, § 7). 
KELVIN hat diese Moeglichkeit schon eingehend diskutiert.) ') 
Beschraenkt man sich auf die Krystallklassen, wo Sug —=Sga sein muss, 
so reduziert sich die Matrix Sz fuer ein passendes Koordinatenkreuz 
auf die Hauptdiagonalform. Es wird dann: 


s,=—i Sy 82 =— i, Sx S3=—i3S3, . . (26) 
und man sieht: 
Selbst im Falle Sxz—= Sj. steht die Richtung der Entropiestroemung 


schief auf die der Elektrizitaetsstroemung, ausser fuer Stroemungen 
parallel den Hauptsachsen von sa. 


1) Lic. 


Physics. — The change of the electric resistance of pure hafnium and 
zirconium between 1.3°'K. and 90° K. By W. J. DE HAas and 
J. Vooacp. (Communication N°. 194¢ from the Physical Laboratory, 
Leiden). 


(Communicated at the meeting of Nov. 24, 1928). 


§ 1. In this communication we give the results of measurements of the 
electric resistance of pure hafnium and zirconium at temperatures between 
1.3° K. and 90° K. We especially wished to find out, whether hafnium 
belongs to the supraconductive metals. 

The electron configuration of the hafnium atom consists of completely 
occupied K, L, M and N-shells, an incompletely occupied O-shell and two 
valence electrons. The only difference in electron configuration from 
mercury is that in the hafnium atom the O-shell is less completely occupied 
than in the mercury atom. ; 

The pure metals for these measurements were kindly put at our disposal 
by Dr. G. Hoist. We wish to express our thanks to Dr. J. H. DE BOER, 
who prepared these metals in a very pure state in the physical laboratory 
of Puiuips’ Electric Lamp Factory Ltd., Eindhoven. 


-§ 2. For the resistance measurements two spring-contact are fixed to 
both extremities of the wires. For this purpose we use flat U-shaped clamps 
of hard hammered brass. At the open side, where the contact with the wire 
had to be made, a piece of silver foil was soldered to the clamp in order to 
obtain an unoxidized contact-place. By the strong spring the clamp remained 
pressed against the wire even at the lowest temperatures. 

During the measurements the contacts thus obtained proved to be good. 

The resistances were measured in the usual way with the aid of a 
DIESSELHORST thermo-force-free compensation apparatus. 

The temperatures were obtained in cryostats with baths of liquid helium, 
liquid hydrogen, and liquid oxygen. 


§.3. The resistances at 0° C. were determined before and after the 
measurements (table 1). For the specific resistance of hafnium we found 
0.0000296. The accuracy of this determination was +’2 %. The zirconium 
rod was too irregularly formed to have its specific resistance determined. 

In table 2 give the values of R/Roc, of both wires at different 
temperatures. 
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TABLE 1. 


Ry c. 


Before the measurements] After the measurements 


0.008642 0.008667 
0.02659 0.02658 


TABLE 2. 
| Hf | Zr 

T | | | R/Rog. | | R/Rec, 
90.01 0.3045 0.2379 
78.19 0.2626 0.1926 
61.27 0.2039 0.1318 
20.32 0.1000 0.04167 
18.00 0.0982 0.04039 
14517 0.0963 0.03926 

helium 
4.21 765 mm 0.0947 0.03832 


411 mm 0.0945 0.03836 
2.2 mm ( 100 mA 0.0947 0.03836 


Q 30 mA 0.0949 - 0.0384 


In the figure the change of the resistances has been plotted graphically. 
We draw attention to the fact, that also at low temperatures no 
minimum, as found before by KOENINGSBERGER and SCHILLING, occurs in 
the resistance-temperature curve of zirconium1). This was already 
established for higher temperatures by P. CLAUSING and G. Mousis 2), 
who extended their measurements over a region from 297° K. to 98° K. 
With hafnium also no minimum occurs. 


1) Phys. Ztsch. 9 p. 347 (1908). Ann. d. Phys. 32, p. 179 (1910). 
2) ,,Physica”, 1927 p. 245—250. 
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Further we found no sympton of supraconductivity in the temperature 
region investigated. 
At the lowest temperature used, the resistances are independent of the 


035 


Q30 


a25 


Fig. 1. 


intensity of the measuring current, at least within the limits of accuracy. 
’ From these experiments we may conclude, that hafnium and zirconium 
belong to the non-supraconductors, though of course we do not know what 
may happen at still lower temperatures. 

Finally we express our thanks to Mr. J. D. RUTGERS VAN DER LoeErFF for 
his kind assistance in the temperature measurements. 


Physics. — Methods and apparatus used in the cryogenic laboratory. XXIL. 
A cryostat for temperatures below 1° K. By W. H. KEEsom. 
(Communication N°. 195c from the Physical Laboratory at Leiden.) 


(Communicated at the meeting of May 25, 1929). 


§ 1. Introduction. 13 Oct. 1921 KAMERLINGH ONNES 1) succeeded in 
diminishing the pressure above liquid helium to 0.013 mm. mercury. To be 
sure KAMERLINGH ONNES in the mentioned publication rounded off the 
pressure obtained upwards to 0.02 mm. The corresponding temperature he 
calculated to be 0.82° K., being the lowest temperature that was reached till 
then 2). This temperature, which is still the lowest that has been reached, 
was obtained in the small Dewar-glass e, see Fig. 4, loc. cit., when this was 
about half filled. The quantity of liquid helium was probably about 1 cm? 

The construction of the high vacuum pump with great capacity 3) 
described in Comm. N®. 195a suggested progress in two directions. 

1st, It may be possible to diminish, still more than was possible then, 
the pressure above a small quantity of liquid helium, which is protected, in 
the way as described in Comm. N°. 159, as accurately as possible against 
heat entering from outside, and so to reach still lower temperatures. 

2nd, It may be possible to cool a larger quantity of liquid helium to 
near the temperature reached already by KAMERLINGH ONNES. It will not 
be necessary then to take all those measures against heat transfer, which 
were necessary when KAMERLINGH ONNES made his experiment. So it will 
be possible to bring within the space cooled to those low temperatures 
measuring apparatus, which are connected to the space without f.i. by glass 
capillaries or conducting wires. 

Our opinion was that to work out this last problem was the first thing 
needed for the progress of scientific research. 

Hitherto it has! been possible at Leiden to make experiments in liquid 
helium boiling under a pressure of about 0.5 mm. The lowest pressure at 
which a measurement has been made, was 0.46 mm. #). Not only for meas- 
urements of the vapour pressure curve of helium for fixing the temperature 
scale of the lowest temperatures but for measurements in connection with 


1) H. KAMERLINGH ONNES, Trans. Faraday Soc. Vol, 18, Comm. Leiden N°. 159. 

2) According to the formula, which VERSCHAFFELT, Comm. Leiden Suppl. N°. 49, 
p. 26, calculated for the vapour-pressure of helium, to p= 0.020 mm corresponds T = 0.84 
and to p= 0.013, T= 0.81. 

3) W. GAEDE and W. H. KEESOM. These Proceedings 31, 985, 1928. Comm. Leiden 
NO 195a. 

4) W. J. DE Haas and J. VooGpD, These Proceedings 32, 214, 1929. Comm. Leiden 
N0. 193b. According to the formula of VERSCHAFFELT mentioned note 2, to this pressure 
a temperature of 1.16° K. corresponds. 


711 


superconductivity, it was urgently necessary to extend downwards the 
temperature range in which measurements may be done. 


§ 2. The high vacuum pump installation and the cryostat for 
temperatures below 1° K. As was communicated in Comm. N°. 195a the 
cryogenic laboratory possesses two high vacuum pumps with great 
capacity. The capacity of the first (P,, Fig. 1) amounts to 422, that of the 


He gazometar 


‘ot manometer (1 


oO 10 20 30 40 SO 
cm 


VU 


Fig. 1. 


second (P.) to 270 L. He/sec. It was convenient to put these two pumps in 
parallel, as Fig. 1 shows. The two have an exhaust capacity, measured 
at F,, of 675 Liter helium per second. 

V is a tube, which conducts to the Burckhardt-pump, which produces 
the preliminary vacuum. This preliminary vacuum is measured with the 
Mc Leod gauge Mc,. Both pumps P,; and P, were now inwardly cooled by 
a current of’ alcohol, which was cooled by liquid air to about —15° C. This 
occurred in the refrigerator R insulated with kapoc (Fig. 2). The liquid air 
enters through Rtg in the vessel Rb, with insulated bottom (in order to 
prevent too intense cooling of the alcohol there), the air evaporates, and 
passes through spiral Rsp into the open air. The refrigerated alcohol Ra is 
driven by the pump Rp through the tubes Rt, and Rf, to the cooling spirals 
(Sp in Fig. 1 of Comm. N°. 195a) of the high vacuum pumps-P, and P, 


712 


(Fig. 1) and back again to R. The temperatures of the alcohol are read on 
the thermometers Rthy, Rthz and Rth. 

T (Fig. 1) is the common exhaust tube of the two pumps. It has a 
diameter of 30 cm. A, and Ay are two cylindrical tubes of iron fastened 
by insulated Germansilver tubes to the exhaust tube: they are kept filled 
with liquid air to condense the mercury vapour which may come from the 
pumps into the exhaust tube. Level indicators show the level of the liquid 
air in these tubes. In order to keep the mercury vapour, that might pass 


Fig. 3. 


#13 


these tubes, still as much as possible from the cryostat, a copper gauze G 
is provided, which is connected with the liquid air-coolers A; and Ag by a 
keat conducting plate Pl. 

A funnel shaped part F is soldered to the exhaust tube and ends in a flat 
box B with semicircular border. In the bottom and the cover of this box 
circular holes are provided, The cryostat glass C (Fig. 3) is fastened into 
the bottom in the usual way, in the hole above a lid Co is placed, in which 
several holes have been bored to fasten the measuring instruments 
(thermometer capillaries, etc.). 

Fig. 3 is a more detailed figure of the cryostat. It is filled with liquid 
helium from the cryostats connected to the helium liquefactor by the vacuum 
siphon tubes S, and S;. When the cryostat glass is filled, the valve Va is 
closed, the siphon S, is disconnected, after which the free end of S, is 
completely closed with rubber, in order to prevent the possibility of leakage 
when reducing the pressure in the cryostat. 

The contents of the cryostat glass (inner diameter'50 mm., length 55 cm.) 
are shown in Fig. 3 and are the same as those used for the measurements 
of Messrs. WEBER and SCHMIDT, and myself, on May 24th (see § 3), on 
the vapour pressure curve of helium for the lowest temperatures. Th, and 
Thy are the reservoirs of two helium thermometers, Tha is the tube of the 
auxiliary thermometer, which serves to determine the correction for the 
emergent stem of the main thermometers. Vp is the reservoir of a vapour 
pressure apparatus, St is the mechanical valve stirrer, Tu is an open tube 
reaching into the liquid. Ma,, Maz, Mas, May, are heated wire manometers 
to measure the pressures in Th,, Thy, Tha and Vp. 

The pressures in the vapour pressure apparatus Vp, and in the open 
tube Tu could moreover be measured with a mercury manometer Hg or 
with the Mc Leod gauge Mcy (Fig. 1), with which also the pressure in the 
exhaust funnel at PF, can be measured. 


§ 3. Experiments. A first experiment with the installation described 
in § 2 occurred on May 3r4, When several quantities of liquid helium 
' had been transferred to the cryostat glass the siphon Sy became defective. 
Nevertheless after reducing the pressure, first with the Burckhardt- 
pump, and then with the high vacuum pumps, the cryostat glass was still 
filled to a height of 10 cm. This was at 17.43. The pressure, measured in 
the exhaust funnel, amounted to 0.0074 mm. However the height of the 
helium was not sufficient to cover the thermometer reservoirs, so that the 
planned thermometer measurements in connection with the vapour pressure 
curve could not be made that day. 

We pumped farther to see, whether the temperature would still diminish. 
At 18525 the pressure, measured in the exhaust funnel, was 0.0068 mm. 
The height of the helium in the cryostat glass was 6 cm. The evaporation 
of the helium amounted to about 22 L. gas per hour measured at normal 
pressure and temperature. The experiment was now finished. 


46 
Proceedings Royal Acad. Amsterdam. Vol. XXXII. 1929. 
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May 15th the experiment was repeated. In the meanwhile the siphon Sy 
had been improved. Measurements with the helium thermometer, at pressures 
in the cryostat of 0.5 to 0.06 mm. were made. The cryostat contained about 
230 cm? liquid helium, while the apparatus immersed in the liquid had a 
volume of about 60 cm3. So a space of about 300 cm3, was cooled to these 
low temperatures. 

A new experiment to continue the measurements concerning the vapour 
pressure curve took place on May 24th. Then measurements were again 
made to a pressure of 0.06 mm. 


§ 4. The temperature reached. The results of the direct temperature 
measurements with the helium thermometers will not be known for some 
time, when the thermomolecular pressure difference between thermometer 
bulb and manometer has been submitted to a further research. We will 
provisionally satisfy ourselves with an estimate. 

Starting from the measurement of the pressure in the exhaust funnel 
mentioned in § 3: 0.0068 mm., we put the pressure above the liquid surface — 
0.03 mm., from an estimate of the viscosity in the cryostat glass. This 
estimate was checked at a little higher pressure by observing the difference 
of pressure between a tube 11.5 mm wide, dipping in the liquid, and the 
exhaust funnel. While awaiting the results of the above mentioned 
measurements of the vapour pressure curve, we may remark that according 
to the temperature scale given by VERSCHAFFELT’s formula 1) a tempera- 
ture of 0.87° K. should correspond to this pressure. An extrapolation based 
on provisional results of the measurements of the vapour pressure curve to 
0.6 mm. would give 0.85° K. 

So we may conclude, that it is now possible by the installation described 
in this communication to make measurements to a temperature of about 
0.85° K. in a space of about 300 cm3. By this means the temperature range 
in which measurements can be made; is extended downwards by about 
0.3 degree. 

I am glad to render my cordial thanks to G. J. FLiM, chief of the technical 
staff of the cryogenic laboratory, for his intelligent and unwearied aid in 
the construction and the arrangement of this installation. 


Postscriptum. 


Already on May 31st a first noteworthy result has been obtained with 
these appliances, when I had the pleasure of putting it at the disposal of 
Messrs. DE Haas and Voocp, who then found gallium to get super- 
conductive as had been anticipated 2). 


1) See p. 710, note 2. 
2) W. J. DE Haas and J. Voocp, loc. cit. p. 710, note 4. 


Physics. — New superconductors. The resistance of alloys at the 
temperatures of liquid hydrogen and liquid helium, By W. J. DE 
Haas, EDM. vAN AUBEL and J. VooGp. (Communication N°. 1976 
from the Physical Laboratory at Leiden.) 


(Communicated at the meeting of June 29, 1929.) 


§ 1. In this communication we give the results of our investigations on 
the electric resistance of some alloys at temperatures of liquid hydrogen 
and liquid helium. This research gave us the opportunity to investigate the 
influence of small admixtures of non-superconductive metals in super- 
conductors. 

We examined the eutectic mixtures of the system : 


_Sn-Bi, Sn-Zn, Sn-Cd, Tl-Au, Tl-Cd, Pb-Ag, Pb-Cd, Pb-Sb and Pb-Bi. 


The rods were prepared by one of us (VAN AUBEL) in the physical 
laboratory, Gent. 

For the resistance measurements, which were made in the usual way with 
a DIESSELHORST compensation-box, the required copper wires were fused 
to the rods, so that the use of solder was quite avoided. 


§ 2. Sn-Bi. 

The rod, with which the measurements were made contained 42.0 % 
Kahlbaum tin. The bismuth used was obtained from the firm JOHNSON 
MatTtTHey & Co. Ltd., London, According to the melting point diagram 
the eutectic contains crystallized solid solutions of 144 % tin in bismuth 
and of a percentage bismuth in tin, for which we find different values 1). 

According to the last determination it is 15 % 2). 

In table I we give the results of the measurements. For a better mutual 
comparison we give both the resistance divided by the resistance at 
0° (R/Ro) and the resistance divided by the resistance at the boiling point 
of helium (R/R42). 

Fig. 1 represents the curve of R/R,2 for the different tin alloys that 
were examined, 


1) W. v. LEPKOWSKI, Zs. anorg. Chem. 59, 287, 1908. 
A. BUCHER, Zs. anorg. Chem. 98, 117, 1916. 
A. STOFFEL, Rs aS, 148) 19072 
A. W. Kapp, Diss. Kéningsbergen 1901. 
2) HIKOZO ENDO, Science Reports of the Tohoku Imperial University first series Vol. 14, 
1925, 479. 
46* 


716 


TABLE I. 
Sn—Bi. 
T Phettuminmm| R/Ry | R/Rs.2 
20.42 | 0.1677 
16.79 0.1615 
14.18 0.1582 
4.234 785 0.147 1.00 measuring current 200 mA. 
4.149 723 0.1475 1.00 me os ow 
3.962 598 0.1475 1.00 ” 
3.883 548 0.147 1.00 ” 
3.865 538 0.147 1.00 ” 
3.850 529 0.146 0.99 
3,83}! 518 0.132 0.89 " 
3.813 508 0.071 0.48 ° 
| > 794 497 0 0 ” 


For comparison the thermal transition curve of pure tin has also been 
plotted in the figure 1). 

The Sn-Bi eutectic evidently becomes more easily superconductive than 
pure tin, Though of course it is not a fact established by these measurements 
it seems to us very probable, that the solid solution of bismuth in tin first 
becomes superconductive. If this is true, it is of this solution that we 
determined the thermal transition curve. ; 

The vanishing of the resistance takes place in a temperature interval of 
0.07°. For pure tin this interval is 0.04°, 

In earlier researches on the influence of superconductive admixtures we 
found, that the vanishing of the resistance took place in a considerably 
greater temperature interval. 

Because of the small temperature interval of 0.07° it does not seem 


probable to us, that the superconductivity is due to the solid solution of 
114 % tin in bismuth, 


§ 3. Sn-Zn. 

The rod was prepared from Kahlbaum tin and Kahlbaum zinc and 
contained 90.0 % tin. According to determinations of the melting point 
diagram the eutectic contains crystallized pure tin and zinc. According to 
TAMMANN however 1 % zinc is dissolved in the tin. 


1) Leiden, Comm. N®, 181, W. TuyN and H. KAMERLINCH ONNES. 


TALE 


Our measurements render it probable, that a small quantity of zinc is 
dissolved in the tin and that the solid solution becomes superconductive. 


Fig. 1. 


The thermal transition curve falls over a temperature interval of 0.06° 
‘and is displaced with respect to the pure tin over 0.06° towards the low 
temperatures (Table II, fig. 1). 

In the alloy the intensity of the measuring current was of the same order 
of magnitude as that in the case of pure tin. In the latter case however the 
intensity of the total current was rather high. As the intensity of the 
magnetic field caused by the current is highest near the surface of the wire 
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and depends on the total current, we calculated whether the magnetic field 
was due to a too strong current. 
The displacement however cannot be ascribed to too strong a current. 
This is moreover evident from the measurement with a weaker measuring 
current (table II). 


TABLE Il. 
Sn—Zn. 
e T Phetiuminmm| R/Ry R/Rs.2 
| 20.40 | 0.0238 
19.13 | 0.0215 
16.54 0.0178 
14.08 0.0150 
4.234 785 0.0093 | 0.99 measuring current 200 mA. 
3.960 596 0.0097 | 1.03 % i ae 
3.786 492 0.0094 | 1.00 ‘ ih, (ween 
3.742 468 0.0093 | 0.99 z +. Sse 
3.733 463 0.0096 | 1.02 a ~ or es 
3.717 454 0.0094 | 1.00 5 Me 
3.696 443 0.0088 | 0.94 - ES, oe 
3.686 438 0.0072 | 0.77 é ; Pe iat 
3.678 434 0.0042 | 0.45 ‘ “bs oe 
mn 0.0025 | 0.27 100 ., 
3.667 428 0.0010 | 0.11 ‘ er se 
3.659 424 0 0 : Se 
§ 4. Sn-Cd. 


The rod was prepared from Kahlbaum tin and Kahlbaum cadmium and 
contained 71.9 % tin. 

Opinions differ as to the melting point diagram. For our purpose it 
suffices however to know that tin is not or very little soluble in cadmium 
and that cadmium is soluble in tin to a few percent. The eutectic is a 
mixture of these two solutions 1). 

Like the other tin alloys this eutectic becomes superconductive. The fall 
of the resistance takes place in a temperature interval of 0.05°, which has 


1) A. BUCHER, Zs. anorg. Chem. 98, 106, 1916. 
G. TAMMANN, Lehrbuch der Metallographie, 1923. 
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been displaced over 0.10° (table III fig. 1) towards the low temperatures 
with respect to the thermal transition curve of pure tin. 


TABLE III. 
Sn—Cd. 
Z Phettuminmm| R/R, | R/Rs2 

20.40 0.0727 

19e13 0.0697 

16.54 0.0637 

14.08 0.0590 
4.233 785 0.0444 | 1.000 | measuring current 200 mA. 
3.960 596 0.0444 1.000 ‘ “7 ” = 
3.786 492 0.0448 | .1.008 rf * Ps * 
3.742 468 0.0449 1.012 - + in ” 
evia2 463 0.0447 i 1.006 * ” ” ” 
ey it 454 0.0448 1.008 ” * ” " 
3.696 443 0.0447 1.006 7 Ht % : 
\ 3.686 438 0.0445 1.002 a . ‘i * 
3.678 434 0.0444 1.000 Ge ” * ” 
; 5 0.0440 | 0.990 i of 100 . 

3.667 428 0.0432 | 0.972 o re 200 

3.659 424 0.0403 | 0.907 i ” ” ” 
3.646 417 0.0315 | 0.708 9 5 i” " 
3.639 414 0.0203 | 0.458 . Ay Re eg 
0.0160 | 0.361 ic 2 CONSE: 
3.628 408 0.0047 | 0.107 5 ne 200s. 
3.618 403 0 0 Fe ® ” » 


Here also this displacement cannot be ascribed to too strong measuring 
currents. 

Our experience has taught us, that non-superconductors that are rendered 
superconductive by a small admixture of a superconductor, show a much 
slower fall of the resistance with the temperature than the “true” super- 
conductors. While for the first group this fall is completed within 0.2°, 
this happens within about 1/39° for the second (true superconductor) group. 

In relation with the steep fall, we assume therefore, that the thermal 
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transition curve is not due to the cadmium containing a little tin, but to the - 
tin in which a low percentage of cadmium is dissolved. So we come to the 
conclusion, that the presence of the cadmium in the tin hinders the 
occurrence of the superconductivity. 


05 LEG: 

For the preparation of the eutectic Kahlbaum thallium and Kahlbaum 
cadmium were used. The rod contained 81.7 % thallium. The melting point 
diagram is not completely known with certainty. 

According to the existing data the eutectic consists of pure cadmium 
and of a solid solution of cadmium in thallium. 

The percentage of this solution is uncertain 1). 

The results of our measurements are to be found in table IV: 


TABLE IV. 
Tl—Cd. 
T Phetium'amm| R/Ry | R/R4.2 

20.44 0.0984 

19.08 0.0942 

16.51 0.0871 

14.18 0.0817 

4.233 785 - 0.0656 | 1.000 | measuring current 200 mA. 
3.114 198 0.0660 | 1.007 ts . eo 
2.576 W357 0.0659 | 1.005 ms ¥ 0s» 
2.549 69.5 0.0588 | 0.897 5, z now 
2.529 66.4 0.0122 | 0.187 ” “ rs 
2.515 64.6 0.0013} 0.020 ” » Bie tee 

0 


Fig. II represents the thermal transition curve of our thallium alloys and 
of pure thallium. Those of pure thallium are taken from the measurements 
of H. KAMERLINGH ONNES and W. TuyNn 2), 

It is evident, that the Cd-Tl-eutectic becomes more easily superconductive 
than pure thallium. 

The thermal transition curve falls within a temperature interval of 0.06° 
and the displacement with respect to pure thallium is 0.06°. 


1) KURNAKOW and PUSCHIN. Zs. anorg. Chemie 30, 106, 1902. 
G. TAMMANN, loc. cit. 
2) Comm. 160a. Leiden H. KAMERLINGH ONNES and W. Tuyn. 
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As in preceding cases we must ascribe the thermal transition curve we 
_ obtained to the solid solution of cadmium in thallium. 


Fig. 2. 


The presence of the cadmium in thallium is therefore advantageous for 
the occurrence of superconductivity. 


§ 6. TI-Au. 


For the preparation Heraeus gold and Kahlbaum thallium were used. 
The rod contained 73.0 % thallium. 
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According to LEVIN the pure components are crystallized separately 1). 
According to TAMMANN we are here concerned with a mixture of pure gold 
and a solid solution of a low percentage of gold in thallium. The limit of 
solubility is given as not known with certainty 2). 

Table V and fig. II contain our results. In contradiction to the other 


TABLE V. 
TI—Au. ‘ 
aT | 
T Phetiaminmm| R/R, | R/Ra2 

20.44 0.0720 

19.08 0.0663 

16.51 0.0573 

14.18 0.0498 
4.234 785 0.0305 1.000 | measuring current 200 mA. 
3.618 198 0.0308 | 1.011 . 53 “ ae 
Dae) 69.5 0.0306 1.004 2 » "on 
Dole 64.6 0.0307 | 1.008 os ” Bre Gey 
2.502 62.6 0.0305 1.000 3 ” “on 
2.475 S94 0.0308 1.011 n * * 8 
2.44% 55.0 0.0305 1.000 m * 2 
2.352 a4. 4 0.0305 1.000 tt ” eg 
2.238 B8.i7; 0.0301 | 0.988 z " moon 
2) Mife 28.8 0.0280 | 0.920 re Dp D 
2.116 aie 0.0248 0.812 % " oo” 
2.028 LON2 0.0079 0.261 00 Be Pi ge 
1.927 14.6 0 0 6: i he | ts 


transition curves obtained by us, the temperature interval in which the 
resistance vanished is considerably larger viz. 0.3°. Also the displacement 
towards the low temperatures (+ 0.5°) is larger than those found for 
other eutectics. ' 
Perhaps both phenomena are intimately connected and form together 
a transition to the complete destruction of the superconductivity by a non- 
superconductive admixture, in the same way as that found earlier for 


CuzSn 3), 


1) M. LEvIN, Zs. anorg. Chemie 45, 34, 1905. 

2) G. TAMMANN, loc. cit. 

3) EDM. VAN AUBEL, W. J. DE Haas and J. VooGpD, Proc. Amsterdam, Vol. 32, 
N°. 2, 1929. Comm. Leiden, N°. 193c. 
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§ 7. Eutectics with lead. 

We investigated the eutectics of the systems: Pb-Ag, Pb-Cd, Pb-Sb 
and Pb-Bi. 

As the experiments at temperatures in the neigbourhood of the transition 
point of lead are still very difficult, we measured the resistances at 4.2° K. 
only. At this temperature all rods were already superconductive. 

The results of the further measurements are to be found in table VI. 


TABLE VI. 
R/Ro. 
T | Pb—Ag | Pb—Cd.| Pb—Sb | Pb—Bi 

20.42 0.0374 0.0596 
20.40 0.0081 0.455 
19.13 0.0076 0.451 
16.79 0.0242 0.0469 
16.54 0.0067 0.444 
14.18 0.0180 0.0397 
14.08 0.0059 0.437 


§ 8. From these measurements it is evident, that the temperature at 
which the superconductivity sets in, is influenced by non-superconducting 
admixtures. The thermal transition curve (R/R4z.) generally becomes a 
little less steep than in the case of pure superconductors. The thermal! 
transition curve is most displaced towards the low temperatures for Tl-Au 
and at the same time the temperature interval, over which the fall of the 
resistance extends, is largest. 

It would be interesting, to investigate with systems chosen for this 
purpose, whether these phenomena always occur together and form a 
transition to the complete destruction of the superconductivity. Then those 
systems might be of importance for the temperature measurements in the 
helium region. 

The question, why the transition point is displaced and what will be the 
direction of this displacement in every particular case, cannot yet 
be answered. ; 

Therefore we want more material in combination with réntgenographic 
data. We are inclined to seek a solution, which treats this phenomenon as 
an analogue to that of the influence of pressure and stress on super- 
conductivity 1). It is however dubious, whether this view point alone suffices 
to interpret the phenomena. 


1) Comm. Leiden, N°. 180. 


Physics. — A superconductor, consisting of two’ non-superconductors. 
By W. J. DE Haas, EpM. vAN AUBEL and J. Vooap. (Communication 
N°. 197c from the Physical Laboratory Leiden.) 


(Communicated at the meeting of June 29, 1929). 


§ 1. In a preceding communication 1) we described the occurrence of 
the phenomenon of superconductivity in two rods of the eutectic. 
gold-bismuth. 

These rods proved to behave like typical superconductors viz. the 
temperature interval in which the vanishing of the resistance took place was 
small (smaller than 0.07°). The transition points of the two rods did not 
coincide however and this was one of the reasons for our fear that impurities 
in the metals used for the preparation of the eutectic might have had a 
deciding influence on the phenomenon. 

We have now at our disposal more data, which we will give here. 


§ 2. For the further researches several gold-bismuth alloys with 
different percentages of bismuth were made at Leiden. We investigated the 
behaviour of the following alloys : 


Au-Bi 9914 % Au-Bi 60 % 
Au-Bi 9714 % Au-Bi 40 % 
Au-Bi 90 % Au-Bi 20 % 


For the preparation of these alloys the purest gold from HERAEUS and 
pure bismuth from Ab. HILGER Ltd. were used. Besides we worked with a 
rod, consisting of the eutectic (Au-Bi eut: pur.) prepared from the same 
gold and from bismuth from HILGER, purified by Mr. C. GROENEVELD to 
such a degree that the silver and the copper could no longer be detected 
spectroscopically. As to the 5 rest lines of lead, of one of them a slight 
trace was still perceptible. Certainly more than one half of the lead has been 
removed. For the purification the method of F. Mytius and E. GROSCHUFF 
was used 2), 

The bismuth was dissolved in nitric acid and by crystallization the nitrate 
was obtained. This nitrate was dissolved again\in a quantity of nitri¢ acid 
(25 %), which had about 1/3 of the weight of the moist nitrate and by 
crystallization at 0° C. a purer nitrate was obtained. This procedure was 
repeated 6 times. ; 

By careful heating to 100° C. the pure nitrate was then converted into 


1) Proc. Roy. Acad. Amsterdam, 32, 2, 1929. Comm. Leiden N®. 197a. 
2) Z.S. f. anorg. u. allgem. Chemie 96, 237, 1916. 
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the basic nitrate and by glowing this was converted again into the oxide. 
The oxide was finally reduced by KCN puriss. 

The results of the purification were controlled spectroscopically by 
Mr, P. M. VAN ALPHEN. 

The resistance measurements were made in the usual way. The results 
are to be found in the tables I—VII, which contain besides the values of 
the resistance divided by the resistance at 0° C. (R/Ro) also those of the 
resistance divided by the resistance at the boiling point of helium (R/R4.2), 
to give a better comparison at the temperatures of liquid helium. In fig. I 


Bight. 


R/R4.o has been plotted as a function of the temperature for Au-Bi 9914 %, 
Au-Bi 9714 % and Au-Bi eut. pur. 

In fig. I] the melting-point diagram for the system Au-Bi has been 
plotted according to the determination of A. VOGEL !). 


§ 3. Au-Bi 9914 % and Au-Bi 9714 %. 

In order to be able to interpret the results obtained we must find out 
in the melting point diagram of what phases the rods consist. 

The rod Au-Bi 9914 % consists of large bismuth crystallites of ‘‘metal- 


1) Z.S. f. anorg. u. allgem. Chem. 50, 147, 1906. 
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lurgic’’ purity, separated by thin layers of the solid solution of 4 % Bi 
in gold. 


cy 

B 

Ms] 

0 

9 

iS 

° 

composition 
Bigu 2. 
TABLE I. Au—Bi (991/25 ) Ro: 0.02957 2. 
Pp 
Tr helium R/Ro R/R4.2 | 
Soe eD HOE 0.1121 1.000 50 mA. 
3.191 224 0.1115 0.995 5 
2.489 60.9 0.1111 0.991 sun oe 
1.999 17.8 0.1100 0.981 a ; 
1.954 Ie 357/ 0.0704 0.628 a ue 
1.902 13.5 0.0387 0.345 ” 
1.844 AUR: 0.0266 0.237 oo" 
1.810 10.4 0.0223 0.199 + ow 
1.760 8.9 0.0189 0.169 a) 
1.670 6.8 0.0158 0.141 oo 
” 0.0120 0.107 PHA 33 

1.506 Sioa) 0.0134 0.119 50°, 
1.452 SIRE) 0.0127 0.113 TT 
1.362 Zee 0.0119 0.106 5 6g 
1.190 0.88 0.0104 0.093 ‘ ' 
1.166 0.75 0.0103 0.092 on 


Woe: 


TABLE II. 
Au—Bi (971/2 9/9) Ro: 0.12508 2. 
helium | ~ -RiRo R/ R42 
777 0.07909 1.0000 50 mA. 
224 0.07854 0.9930 Romer 
60.9 0.07819 0.9886 in Be 
17.8 0.07715 0.9755 ae ee 
IB Sad/ 0.03954 0.4999 # 
1353 0.00771 | 0.0975 as 
Le 0.00316 0.0400 
10.4 0.00230 0.0291 ” 
8.9 0.00184 0.0233 
6.8 0.00141 0.0178 » 

53 0.00097 0.0123 225; 
423 0.00111 0.0140 50 
3.5 0.00103 0.0130 iam es 
Di 0.00094 0.0119 ; : 
0.88 0.00076 0.0096 o 
0.75 0.00075 0.0095 ie 

TABLE Iil. 

Au—Bi (90%) Ro: 0.003745 2. 
| pie | R/Ro | R/R2.4 | 

787 0.108 1.000 
50.0 0.106 0.988 
34.1 0.107 0.993 
26.8 0.108 1.000 
23.0 0.106 0.985 
20.8 0.106 0.983 
18.8 0.105 0.980 
17 A 0.103 0.953 
15-9 0.097 0.898 

14.4 0 
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TABLE IV. 
Au—Bi (60 /p) Ro : 0.005607 s2. 
Pp 

T | helium | R/Ro | R/R.2 
4.204 764 0.03198 1.0000 
2.083 24.1 0.03176 0.9933 
1.942 1552 + 0.00160 + 0.0050 
1.928 14.6 0 0 

eevee 


TABLE V. 
Au—Bi (40/9) Ro: 0.000701 2. 


helium | R/Ro 
4.204 764 0.0345 1.000 
2.083 72, tel 0.0260 0.752 
1.942 15,2 + 0.0170 + 0.700 
1.928 14.6 0 0 
Soe 
TABLE VI. 


Au—Bi (20%) Rp : 0.003425 2. 


1.000 
0.995 


as We Y/ 
0 


TABLE VII 
Au—Bi (eut. purissimum) Ro = 0.026173 a. 


| helium | R/ Ro 


4.200 760 0.06136 1.0000 


1,999 17.7 0.05987 0.9757 
1.978 16.7 0.05937 0.9676 
1.957 15.8 0.05693 0.9278 


15.3 0.02140 


0 


729 


The same is the case in Au-Bi 9714 %: 

This sample however contains more of the solid solution layers, which 
are also thicker here. Comparing in table I, table II and fig. I the change 
of the resistances, we see that at the same temperature viz. 1.96° K. the 
resistance begins to diminish without becoming zero however. A residual 
resistance remains, which comparatively is considerably smaller for Au-Bi 
9714 %. These results show that not the bismuth, at least at these 
temperatures, but the solid solution of 4 % gold in bismuth becomes super- 
conductive. The thin sheets of this solid solution act then as short-circuit 
to the bismuth crystallites. 

In Au-Bi 9914 % this short-circuit is very imperfect ; the solid solution 
paths are not sufficiently continuous, so that a residual resistance remains. 
In Au-Bi 971% % the short-circuit is much better; the remaining resistance 
is comparatively much smaller. This might have been expected from the 
existence of a greater number of more extended layers of the solid solution. 
If from these facts we conclude that the abnormal change in the resistance 
must be ascribed to the solid solution, we must still explain why between 
1.9° K. and 1.2° K. the fall of the resistance continues, while the layers 
are of the same composition. 

We explain this in the following way: At 1.96° K. the thickest layers 
become superconductive and absorb part of the current. The thinner layers 
become superconductive at lower temperatures only. Only then does the 
magnetic threshold value become so high that the superconductivity is no 
longer disturbed by the magnetic field of the current, which then has a 
high current density in these layers. 


§ 4. Au-Bi 90 %, Au-Bi 60 %, Au-Bi 40 %, Au-Bi 20 %. 

For all these rods the resistance vanished in a small temperature interval 
at about 1.95° K. 

This is in agreement with the above considerations. In these rods a 
considerable quantity of the homogeneous solid solution of 4 % bismuth in 
gold has been separated and the crystallites of pure bismuth are completely 
short-circuited by it. 


§ 5. Au-Bi eut. pur. 

Both the above described experiments and our earlier experiments render 
it obvious, that the superconductivity is localized in the solid solution of 
gold in bismuth. The question remains, whether impurities can play a 
decisive role. Here only those of the bismuth, especially the lead, must be 
taken into consideration. 

The possibility exists, that the solid solution has absorbed this impurity 
of the bismuth, thus becoming itself impure to a high degree. 

Then this impurity would have been greatest in the rods of low 

_gold percentage, so that a difference in transition point temperature might 
have been expected for the different rods, if the superconductivity had te 
a7, 

Proceedings Royal Acad. Amsterdam. Vol. XXXII. 1929. 
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be ascribed to this impurity. The equality of the transition points however 
does not render this hypothesis plausible. A still stronger argument against 
it is given by the change of the resistance of Au-Bi eut. pur., which has the 
same transition point, while certainly more than half of the lead has been 
removed from the bismuth used for the preparation of the eutectic. 

These considerations lead us to the conclusion, that the solid solution 
of about 4 % bismuth in gold becomes superconductive at 1.9° K. 


§ 6. The superconductivity having thus been localized we may raise 
the question, whether this gives an indication as to the superconductivity 
of the gold or of the bismuth. Then the whole phenomenon would be 
analogous to the rise of the transition point found for some solid solution 
of a non-superconductor in a conductor 1). This is possible. Anyhow in our 
opinion this remains an open question. 

It is evident, that for this most important question researches are required 
with homogeneous solid solutions of different percentage bismuth (below 
the solubility limit of bismuth in gold). 

These researches are in preparation. 


1) See e.g. Proc. Amsterdam 32, N®. 2, 1929. Comm. Leiden N°. 193c. 


Physics. — The resistance of compounds of metals at the temperature of 
liquid hydrogen and liquid helium. By W. J. DE Haas, EDM. VAN 
AUBEL and J. VooGcpd, (Comm. N®. 197d from the Physical 
Laboratory at Leiden.) : 


(Communicated at the meeting of June 29, 1929). 


The investigation of the electric resistance of metal compounds described 
by us in a preceding communication resulted in the unexpected phenomenon 
of the complete disturbance of the superconductivity in the compound 
CuzSn and in the enormously high transition point (between 4.2° K and 9° K 
temp. of boiling helium and solid hydrogen) of Bi;Tl; (compared with that 
of pure Tl, 2.48° K 1). We give here the complement of this research, namely 
the results of measurements of the electric resistance of the compounds 
Sb,T1,, AuPb,, CuySn. We also repeated the earlier measurements with 
two other rods of the compounds CugSn and Bi;Tl,. These latter 
measurements giving the same results as the first, no further details will be 
given of them. The rods AuPbo, SbeT1,, CuySn were made at Gent by one 
of us (v.A.). 

The resistance measurements were made in the usual way in baths of 
liquid hydrogen and of liquid helium. 

In the tables I, II and III the results of the measurements are to be found 
(R/Ro = value of the resistance divided by the resistance at 0° C.). 

AuPb, and Sby.Tl, are found to become superconductive above the 
boiling point of helium (4.2° K.). 

Before we can make more detailed conclusions about AuPby, measure- 
ments in the temperature region between that of liquid hydrogen and that 


TABLE I. TABLE Il. 
AuPby (32.03 99 weight Au). SbyTly (14.7 %y weight Sb). 
if: R/Ro 7 R/R, 
20.43 0.0331 20.43 4.4956 
17.46 0.0242 17.46 0.4710 
14.18 0.0156 14,18 0.4451 
4,21 765 (p helium) 0 4.21 765 (pheliam) | 0 


1) Proc. Amsterdam Vol. 32 N®. 2, p. 218, 1929. Leiden Comm. 193c. 
ooh 


Tey 


TABLE III. 
CugSn (31.88 °/) weight Sn). 


r RIRg 

20.42 0.8325 
19.07 0.8319 
16.50 0.8310 
14.16 0.8304 
4.21 765 (p helium) 0.8288 
1.35 9 a |e = 0.8288 


of liquid helium must be made. ForSb.Tl, and Bi;Tls too, such measure- 
ments would be of importance. With Cu,Sn the superconductivity of the 
tin has completely vanished, as had already been found for Cu3Sn. 


Physics. — On the superconductivity of the gallium. By W. J. DE HAAs © 
and J. VooGp. (Communication N®. 199d from the Physical 
Laboratory Leiden). 


(Communicated at the meeting of June 29, 1929). 


In a preceding paper!) we described the occurrence of the super- 
conductivity of gallium, this metal thus being registered by us as the sixth 
superconductor known 2). 

The gallium used in those experiments contained a trace of indium. As 
we did not know the part played by this admixture of indium in the 
occurrence of the superconductivity, we directly planned a repetition of the 
research with spectroscopically pure gallium. 

Prof. JAEGER, Groningen, kindly sent us 160 mg spectroscopically pure 
gallium.. We gladly express him our thanks. 

From this gallium the resistance-rod. Ga—4—28 was made. 

For the low helium temperatures required we made use of the apparatus 
constructed by KEESOM for experiments at exceedingly low temperatures. 
We also gladly express him our thanks 3). 

Below 1.38° K. the vapour pressure was diminished gradually, so that 
during the experiments with changing temperatures, the vapour pressure 
of the helium was measured with a Mac. Leod manometer in a glass tube 
open at the lower end and placed in the liquid helium. The preliminary 
corrections for thermo-molecular difference in pressure have been applied. 

For the calculation of the temperature we used the vapour pressure 
formula of VERSCHAFFELT *). 

In table 1 and fig. 1 the results of the measurements are to be found. 

The total fall of the resistance takes place between 1.10° K. and 
1.07° K. These measurements with spectroscopically pure gallium evi- 
dently confirm the earlier determinations, while the whole curve down to 
the immeasurableness of the resistance at 1.07° K. could be determined. 


1) Proc. Roy. Acad. Amsterdam, Vol. 32, p. 214, Comm. Leiden 193b. 

2) MEISSNER found since the superconductivity of Tantalium and Thorium. Physik 
Zeits. 29, 897, 1928, Naturw. 17, 390, 1929. 

3) Proc. Roy. Acad. Amsterdam, Vol. 32, N°. 6, Comm. Leiden. 195c. 

4) Comm. Leiden Suppl. 49. 
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ly Phetium #2 ™m R 
Awa 77.0 0.000608 
1.38 2.01 0.000599 
1.09 0.274 0.000593 
1.079 0.248 0.000533 
1.075 0.245 0.000516 
1.07 0.243 0 


Physics. — On anomalous magnetic properties at low temperatures : 
anhydrous ferrous chloride. By H. R. WOLTJER and E. C. WIERSMA. 
(Communication N°. 20la of the Physical Laboratory at Leiden). 

(Communicated by Prof. W. J. DE Haas.) 


(Communicated at the meeting of June 29, 1929). 


§ 1. Introduction. It is a well known fact that the specific magnetic 
susceptibility x of many paramagnetic substances depends on the absolute 
temperature T according to the relation y (T + /\) =const. in which A 
may be positive (oxygen at higher density), zero (crystallised gadolinium~ 
sulphate) or negative (anhydrous CrClz, NiClo, CoCl.). In the latter case 
the formula may preferably be written: y(T— @) =—const. in order to 
show the analogy with ferromagnetic substances above their Curie-points 
for which the formula, deduced by WEISS in his theory of ferromagnetism, 
holds as shown by himself and his collaborators, 

In this connection the magnetic behaviour below the temperature @ is 
especially interesting, as the question arises whether some paramagnetic 
salts can show complete analogy to substances such as iron, nickel and 
cobalt. The results on CrClz, NiCl,, and CoCl, have already been 
published!) and the research has now been extended to anhydrous 
ferrous chloride. 


§ 2. Method. The susceptibility was measured by determining the force 
F (in grammes) exerted in an upward direction on a column of anhydrous 
ferrous chloride in the plane of symmetry of an electromagnet the lines 
of force of which are horizontal. The column had a height 14.50 cm, a 
cross section of about 0.24 cm? and contained m = 0,984 gr. powder. The ~ 
top was adjusted to the centre of the field. Much care was taken to keep 
the ferrous chloride 2) perfectly dry and free from oxygen. The tube was 
filled in an atmosphere of dry carbonic acid and some dry helium admitted 
to the tube before sealing off in order to ensure the thermal equilibrium 
at liquid hydrogen temperature. 

The susceptibility is dependent on the force according to the formula 


21 
(=a ae 
m (H? — H’) 
1) Leiden Comm. N®: 1738, c. 
2) We owe our thanks to Dr. A. E. VAN ARKEL of PHILIPS’ Incandescent Lamp Works, 
Eindhoven for the FeCl, used. 
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in which H and H’ are the intensities of the magnetic field (in gauss) at 
the top and the bottom of the column. In our case H’ = 0.334 H. From the 
data given follows 


x= 1.010 X 10* F/H?. 


§ 3. Value of 6. 


TABLE I. 
bath 7 a H 108 F/H? | 106(T—20.4°) & 
atm. PRITE SS 12—15 K. gauss 0.961 2.60 
liq. methane p1350° 6—14 2.867 2.65 
» nitrogen TT .25~ 4.6—14 4357, 2.60 
633119 4.6—14 5.95 2094 


The most probable values of O@and 106 F/H2 (T—@) are 204° K., 
and 2.623. 

At 63.11° K. the cryomagnetic anomaly 1) seems to begin; the suscep- 
tibility is still independent of the field as may be seen from table II. 


TABLE Il. 
T=63.11° K. 

H (K. gauss) F (grammes) 108 F: H2 
4.611 1.268 5.96 
6.60 2.270 5.98 
9.179 5.018 5.96 
11.91 8.428 5.94 
13.84 11.344 5.92 


§ 4. Liquid hydrogen temperatures. The susceptibility, or more 
accurately F/H2, appears to depend on the magnetic intensity as shown in 
table III and in fig. 1. It may be pointed out that no error in the calibration 
of the magnet can be made responsible for the phenomenon as the effect is 
different for different temperatures. The effect is in some features different 
from that shown by CrCl, NiCl, and CoCly, as there is an increase of 
F/H? with the field intensity for weak fields and a decrease for strong 


1) H. KAMERLINGH ONNES, Leiden Comm. Suppl. N°. 44a. 
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fields. For CrCls a decrease only has been observed, for NiCl, and CoCl, 
an increase only, Moreover there is a marked dependence on temperature « 
in a given field the magnetisation decreases with decreasing temperature. 

For NiCl, and CoClh, there was practically no dependence on 


TABLE Ill. 
108 F/H2 

H 

20,3° | 19. 4° | 18.4° 14.1° 
1.837 aS 23.5 = = 
2.450 at 27.6 23.1 = 
3.062 31.2 29.9 26.1 15.5 
4.611 29.9 30.1 28.8 22.5 
6.160 27.6 28.6 27.9 24.1 
9.179 25.1 cae: 25.2 22.6 
11.91 23.6 at ae 20.3 
13.84 [24.3] a = 19.7 


Fig. 1. !) 


1) In the diagram the upper isothermal has been marked erroneously 24.3° instead 
Of 203°; 
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temperature, for CrCl; the magnetisation increased with decreasing 
temperature. 

The table and, especially the diagram show clearly that the maximum 
of F/H? shifts to higher fields with falling temperature. 

The first measurements (not published) showed a maximum in F/H2? in 
the isothermals of 18.3°, 16.55° and 14.2° K. and none at 20.3°, but were 
not sufficient in number to show the shift of the maximum. In the present 
series the isothermals of 20.3° and 14.1° were determined first, only the 
lower showed a maximum. In order to elucidate this point measurements 
were made at 19.4° and 18.4° K.; they showed the shift and indicated the 
probability that no maximum was observed at 20.3° owing to the fields 
applied being too strong. This is in agreement with the results of an 
intermediate series of measurements with a smaller electro-magnet, which 
are not given here as the calibration of that magnet was only preliminary 
and it does not seem worth while to calibrate it more accurately as final 
measurements with an other electro-magnet have now been made. 

Whether much value must be attached to the intersection of the upper 
curves, is not definitely settled as it is possible that the position of the 
cryostat relative to the magnet was accidentally slightly different for the 
sets at 19.4° and 18.4° compared to those at 20.3° and 14.1°. With the high 
susceptibilities in this temperature region a slightly assymmetrical position 
of the substance in the magnetic field produces considerable horizontal forces 
causing friction between the tube containing the substance and the 
surrounding parts of the cryostat. For this reason the measurements at 19.4° 
and 18.4° could not be extended to such high fields as those at 20.3° and 
14.1°, in which the position of the substance in the field appears to have 
been more symmetrical. At 20.3° in the higher fields the equilibrium of the 
substance under the opposing forces of the magnetic field and the counter- 
balancing weights becomes metastable and so the last value of this set must 
be considered as only approximate. 


§ 5. Summary. Our sample of anhydrous FeCl, follows the formula 
y (T — 20.4°) =const. down to about 63° K. Above this temperature 
the susceptibility is independent on the intensity of the magnetic field. 
At the temperatures of liquid hydrogen anomalies occur, the susceptibility 
becomes dependent on the intensity of the field and the dependence on 
temperature is opposite to that at higher temperatures. 


We have -pleasure in thanking Prof. W. J. DE Haas for giving .us the 
opportunity to carry out this investigation and Messrs. COPPOOLSE and 
BREMMER for their help. 


Physics. — The determination of the susceptibility of erbium sulphate at 
low temperatures. By W. J. DE Haas, E. C. WIERSMA and W. H. 
CAPEL. (Communication N®. 2016 of the Physical Laboratory 
at Leiden.) 


(Communicated at the meeting of June 29, 1929). 

§ 1. Introduction. The susceptibility of erbium sulphate has been 
determined in the region between 290° K. and 14.3° K. in order to see 
whether the results found by H. R. WottjeR and H. KAMERLINGH 
ONNES 1) for the magnetization of gadolinium sulphate are specific to 
gadolinium or are general to the sulphates of all the rare earths. 


§ 2. Apparatus and method. The apparatus used for the measurements 
mentioned above was considerably altered so that it could be used for 
determinations of greater accuracy required at higher temperatures. A 
drawing to scale is given in fig. 1. 

The rod A, held vertical by two thin springs B-B and supported from 
a glass bulb C floating on mercury, was still used, but alterations were made 
to the compensating and part of the cryo-magnetic arrangements. Three 
coils were used for the compensation, two fixed D-D at a distance of 16 mm 
apart, and the third E attached to the top of the floating rod A which moves 
between them. In this way large forces could be obtained with relatively 
small currents, — necessary as the forces become rather large at hydrogen 
temperatures. The coils exerted a force of about 6 g. when a current of 
1 amp. was passed through them in series. The maximum current that could 
be passed through the coils was about 5 amps, which would exert a force of 
150 g., a value much higher than that required in our experiments. 

As the zero position of the sample F could not be changed by the addition 
of weights and as the densities of methyl chloride, ethylene, nitrogen and 
hydrogen, the liquids used to obtain the different temperatures, are very 
different, it was not possible to immerse the sample in the liquids. In order 
to overcome this difficulty, the tube G containing the mercury reservoir, 
glass windows, spring fastening H-H etc., was connected to a short tube J 
by means of a large conical joint K, the sampler F having previously been 
fixed in its right position in relation to the magnetic field. Inside this tube 
was soldered a cone L of german silver carrying a long and very thin 
walled (0.1 mm) tube M of the same material to the end of which was 


1) These Proceedings Vol. 26, p. 613 and p. 626. 
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soldered a thick copper tube N, closed at the end with a soldered copper 


disc. The sample could swing freely 
inside these tubes with an annular space 
of 2 mm. The vacuum glass P was fixed 
to the larger tube by means of a rubber 
band in the usual way. 

The sample could therefore be placed 
in a gaseous atmosphere, as the space in 
which it hung was not connected to that 
in which the liquids boil. (The gases used 
were nitrogen for the temperatures attain- 
able with methyl chloride and ethylene, 
hydrogen for the nitrogen and helium for 
the hydrogen temperatures. ) 

This arrangement also had _ the 
advantage of eliminating two sources of 
difficulty. The boiling of the liquid often 
moved the carrier very irregularly and it 
was necessary to wait until these distur- 
bances were small enough before 
proceeding, and also the zero point of the 
sample changed during the measurements 
owing to the evaporation of the liquid 
altering the hydrostatic pressure. The 
copper tube guaranteed a good tempera- 
ture equilibrium in the space containing 
the sample, and the thin walled german 
silver tube provided an insulation against 
the flow of heat from the warmer parts of 
the apparatus. 

The sample, contained in a glass tube 
made symmetrical to the pole pieces of 
the magnet, was 6 mm long, about 5 mm 
in diameter and weighed 0.24395 g, its 
formula being Ero(SO,4)38 H.O. 

The magnet used was by WEISS, the 
diameter of the pole pieces was 16 cm, the 
flat ends of the conical tops being 25 mm 
in diameter and 24 mm apart. The sample 
was placed in the position of maximum 


d(H’) , as determined from the calibrat- 


z 
ions of the field made before the measure- 
ments. 


§ 3. Corrections. Determinations at 
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ordinary temperatures showed that no force was exerted on the carrier, 
as no sign of displacement could be observed even in the strongest field. 
This agrees with the fact that all the metallic parts were at a much greater 
distance from the field than in the previous measurements. It was not 
necessary to determine this correction at other temperatures as these parts 
remain practically at ordinary temperatures when the vacuum glass is filled. 
Owing to its symmetrical form no force was exerted on the glass. A 
correction has been applied for the demagnitization of the powder for 
hydrogen temperatures only, as it becomes negligble for the higher 
temperatures. According to Dr. BREIT, the demagnitization is given by 


—5 aoa in which d is the density of the substance, not of the powder. 


The orrection amounted to 1.3 % at the boiling point and 19% ata 
temperature near the triple point of hydrogen. 

As the measurements were made in a gas the susceptibility of the 
surrounding matter was zero. 


d(H?) 
dz 


The values of used were those determined from the calibrations 


of the field so that the relative accuracy of the points measured at one 
temperature, contain any systematic errors made in the calibration, and the 
accuracy from this point of view is probable not greater than 1 %, 


§.4. Measurements. The sample was placed in the axis of the field 
and its height above the centre of the field measured by means of a catheto- 
meter, this height being corrected if necessary by adjusting the magnet. 
d(H?) 

dz 
middle of the flat part, as then small changes of the zero position would 
not affect the results. The copper tube and then the vacuum glass were 
fixed in place and the magnet moved back into position, which position had 
been marked by means of plumb lines fixed to the apparatus and two 
pointers on the yoke of the magnet. 

When a given temperature had been reached, a zero point was read, the 
current of the magnet switched on and four points with different 
compensating currents determined; the currents were then switched off 
and the zero point again read. 

These observations were plotted on a graph from which the compensating 
current for the mean zero position could be determined. 

Measurements were made with currents of 70, 60, 40, 30, 20, 20, 30, 40, 
60, 70 amps successively through the magnet (30 and 20 amps were ommitted 
at room temperature and at some of the methyl chloride temperatures as 
the forces become too small for accurate measurement), The mean value 
at a given temperature was taken for the determination of y. 


As the maximum of 


is very flat, the adjustments were made in the 


Results. From the measurements it appeared that Erbium does not 
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follow the Curie law within the limits of probable error, but that a A of 
1.9° K. exists; the formula becomes x (T + 1.9) = GC. 

The values of y and y(7T+ 1.9) for the different temperatures are 
given in the table I. It is seen that the figures in the last column are sensibly 
constant, the only large deviations occuring for the higher methyl chloride 


\ f yi 
temperatures where the measurements were least accurate owing to the 
forces being small. 


; is plotted against T in Figure 2, the straight line y(T +1.9) =C 


being included. In Figure 3 the magnetization o is plotted against H (H for 
the middle of the sample) for liquid hydrogen temperatures; the drawn lines 
give the values calculated from the mean C, from which it is evident that 
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the susceptibility is nearly independent of the strength of the field for these 
temperatures, i. no saturation could be observed with certainty. The 
figures are given in table II. 


TABLE I. TABLE Il. 

Ty x- 103 x.(T+1.9). 103 ff | A | x 6 
285.0 | 0.092 26.40 20.34 K. 17.2.103 11.87.10-4| 20.42. 
247.4 | 0.1079 26.90 tans 11.82 19.50 
226.6 | 0.1179 26.73 14.0 12.03 16.84 
211.7 | 0.1257 26.85 11.7 11.98 14.02 
194.2 | 0.1353 26.53 8.2 11.87 9.73 
169.5 | 0.1527 26.17 
18.43 | 17.2 12.98 22.33 
161.59 | 0.1602 26.19 

16.5 | 12.98 21.42 
153.43 | 0.1699 26.39 
14.0 13.04 18.26 
135.82'| 0.1915 |. 26.37 
. Ling. 13.10 15.33 
77.31 | 0.334! 26.46 
8.2 12.93 10 
73.50 | 0.3509 26.46 © 
69.64 | 0.369! 26.41 {6.59 1 1702 14.35 24.68 
63.83 | 0.4002 26.31 1a Ryan Ane: 
20.34 | 1.192 26.51 oT — Wy 
18.43 | 1.300 26.43 ae aise Ea 
16.53 | 1.435 26.45 a5 Ba ee 
14.34] 1.624 26.37 


The number of WEISS magnetons has been calculated from the mean 


2 : 
value of y (T+1.9)= a to be 44.82, taking 1123.5 for the WEISS 
magneton or 9.001 BOHR magnetons the Curie constant becoming. 


G1 '0)16, 


We are indebted to Baron AUER VON WELSBACH for placing the 
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specimen of erbium sulphate at our disposal, and we wish to record out 
thanks to Mr. BLom for his assistance in the measurements. 


OT. 20'34K. 
gv T1049 K 
A Teres3 K 
© T1434 K. 


Physics. — Analyse cristalline de l’'azote solide alpha. 1. Par J. DE 
SmeDT, W. H. Keesom et H. H. Mooy. (Communication N°. 202a 
from the Physical Laboratory at Leiden). 


(Communicated at the meeting of June 29, 1929). 


§ 1. Introduction. Aprés de multiples essais infructueux pour déduire 
la structure de l’azote solidifié des cristallogrammes cités dans Comm. 
N°. 1785 nous avons décidé de reprendre le c6té expérimental de la 
recherche, dans le but de savoir si des lignes étrangéres a l’azote ne figurent 
pas dans les cristallogrammes obtenus antérieurement. 


.§ 2. Quatre causes possibles d'insuccés ont été envisagées et ont été 
éliminées systématiquement pour obtenir un réntgenogramme pur de l'azote 
cristallisé a la température de l’hydrogéne liquide: l'impureté de l’azote 
employé, la présence de lignes parasitaires provenant de la forme cylindrique 
de l'éprouvette cristalline 1), le manque de netteté des lignes, et l'impré- 
cision du terme de correction 4 apporter au rayon des anneaux de diffraction 
dans le calcul des équidistances correspondantes. 

a. Purification de l’azote. Le gaz employé a été soumis au procédé 
décrit par D. VoRLANDER et W. H. KEESOM?) qui permet d’éliminer 
loxygéne, les gaz qui se solidifient 4 la température de lair liquide, ainsi 
que ceux qui restent gazeux au point de solidification de l'azote. L’azote 
industriellement pur pris 4 une bonbonne, desseché dans une spirale 
refroidi a l’air liquide et conduit sur une couche de cuivre chauffé au 
rouge, fut liquéfié dans un récipient refroidi par un bain d’oxygéne liquide 
a tension de vapeur réduite. L’azote liquide, ainsi recueilli, fut solidifié, 
par réduction de sa tension de vapeur jusqu’a moins d'un millimetre, 
pour enlever les impuretés restées gazeuses. De la masse restante 
d'azote, la premiére moitié a été distillée dans un second récipient, ou elle 
fut liquéfiée une seconde fois. De ce second bain, de nouveau la premiére 
moitié fut recueillie sous forme gazeuse dans un ballon. 

b. L’élimination des lignes parisitaires, provenant du dédoublement des 
lignes de diffraction par la forme cylindrique de la gaine cristalline, 
a été obtenue, comme d’ordinaire, par un écran interposé entre le 
diaphragme et les cristaux de maniére a n'irradier, pendant deux expositions 
successives, que la moitié droite et la moitié gauche du tube cristallin. Afin 
d’assurer l’obturation d'une moitié des cristaux, l’écran a été placé aussi 


prés que possible de ceux-ci. 


1) Comm. Leiden, Suppl. N°. 53a, § 4, 1924, 


2) Comm. Leiden, N°. 182c, § 3, 1926. 
48 
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c. Une plus grande précision dans la mesure des anneaux de diffraction 
est atteinte en doublant le rayon de la chambre photographique ; celui-ci a 
été porté 4 46.2 mm. 

d. Enfin limprécision du terme de correction a apporter aux rayons 
des anneaux de diffraction, pour en déduire les équidistances correspon- 
dantes, a été contournée en calibrant l'appareil au moyen de cristaux 
connus, irradiés d'une facon analogue a l'exposition que subit l’azote. 

Pour cet étalonnage ont servi une feuille d’aluminium enroulée sur un 
tube de verre, ainsi que des cristaux de COz congelés sur le tube final du 
verre de Dewar. Les anneaux de diffraction observés sur ces deux films 
sont portés sur une courbe en fonction des équidistances correspondantes, 
calculées 4 partir des données des analyses connues de ces cristaux. Pour 
vérifier l’approximation obtenue au moyen de cette courbe, celle-ci a servi 
a déterminer les équidistances d'un cristallogramme de NaCl, irradié dans 
les mémes circonstances. Les valeurs tireés de la courbe coincident 4 1 % 
avec les valeurs calculées pour le cristal de sel gemme. 


§ 3. Résultat. Le tableau suivant résume les données expérimentales 
fournies par le film de l’azote solide a exposé a la température de 
lhydrogéne liquide a la raie K, du cuivre, dans une chambre photographique 
de rayon 46.2 mm. Le diamétre de la gaine cristalline fut dans chacune 
des deux expositions de 2 mm. 


TABLEAU I. 
ren 1/10 mm. Intensité !) Equidistance 
2335 tei 3.30 A 
268 i 2.85 
298 f 2-5i. 
327 f 2.35 
381 i 2.00 
400 f 1.91 
420 f.f 1.80 
447 m Lyf 
466 f 1.65 
487 fam 1.58 
5075 1.525 
563 m a f 1537, 


1) t.i: trés intense; i: intense; m: moyen ; f: faible; f.f: fort faible. 


FAL 


Comparé aux films obtenus antérieurement, ce cristallogramme-ci montre 
quelques lignes en moins, de sorte qu'il ne justifie plus l’opinion émise dans 
Comm. N®. 1786, d’aprés laquelle l'azote a doit avoir une symétrie 
inférieure aux systémes cubique, quadratique et hexagonal y compris le 
systéme trigonal. 

La série des équidistances de la 3¢ colonne du tableau I peut étre inter- 
prétée comme provenant soit d’une cellule cubique ayant un cdété de 
5.656 A, soit d'un cristal guadratique, dont les cétés sont respectivement 
a=b= 4.00 A,c—5.656A, ayant donc un rapport des axes 1.414 = 4/2; 
En effet ces deux cellules élémentaires donnent les mémes séries d’équi- 
distances calculées, qui concordent 4 environ 1 % prés avec les équi- 
distances: observées de l’azote. Seules les indices de Miller des plans 
correspondant a chaque équidistance, différent d’un systéme 4 l'autre. Le 
tableau II compare les équidistances de ces deux structures cristallines avec 
celles observées sur le film d’azote. 


TABLEAU II. 
| Structure cubique Structure quadratique Equidist. de l’azote 

hK!I équid. calc. hkl eq. calc. observées 

100 5.656 A 001 5.656 A es 
110 4.000 100 4.00 — 
111 7 101 3.27) 3.30 
200 2.83 110—002 2.83 2.85 
210 a 2.93 111 2d I areY f 
211 2.38 012 221 2235 
220 2.00 200—112 2.00 2.00 

221—300 1.89 201—003 1.89 1.91 

310 1.79 210 1.79 1.80 
311 1.70 "211013 1.70 eA 
222 1.63 202 1.63 1.65 
320 157 113 1.57 1.58 
321 SL 212 151 1.525 
400 Hae al 220—004 1.41 # 
410 AES 221—023 1.37 1.37 


En outre, comme le réseau cubique simple est un cas particulier du 
rhomboédre avec un rapport d’axes de 1.225, il faudra encore considérer les 
48* 


748 


systémes composés de réseaux cubiques qui possédent la symétrie du 
rhomboédre. 

Le calcul de la densité de l’azote, qui d’aprés une mesure de DEWAR 1) 
a la température de l’hydrogéne liquide est de 1.0265, ne permet pas non 
plus de choisir entre les trois systemes. En effet la densité calculée pour la 
maille cubique contenant 8 atomes par cube élémentaire donne 1.024, et 
l'on obtient exactement la méme valeur pour la maille quadratique avec 4 
atomes par cellule élémentaire. 

Cependant un examen sous lumiére polarisée, effectué par MM. D. 
VORLANDER et W. H. KEESOM2) a montré que les cristaux d’azote a 
—253° présentent la double réfraction. Dés lors le choix doit étre porté sur 
la structure quadratique, avec le rapport d’axes 1.414 en placant 4 atomes 
par cellule élémentaire ou sur la structure rhomboédrique possédant 8 
atomes par rhomboédre. 

La répartition de 8 atomes dans une cellule rhomboédrique n'est 
possible 3), qu’en admettant pour deux des atomes d’azote une symétrie 
propre différente de celle des 6 autres atomes. 

Dans une cellule quadratique au contraire les 4 atomes peuvent étre 
placés de maniére que les atomes soient répartis de la méme maniére 
autour de chacun d’eux. 

Pour ce motif la structure quadratique sera essayée de préférence par 
les calculs d’intensité. 

Pour la répartition des atomes dans la cellule quadratique, nous avons 
déja envisagé plusieurs systémes de codrdonnées, mais les calculs d'intensité, 
toujours en cours, ne permettent pas encore de tirer une conclusion. Nous 
avons l'intention de communiguer plus tard le résultat de ces calculs 
d'intensité. 

1) J. Dewar, Proc. Royal Soc., 73, 251, 1904. 

2) Comm. Leiden, N°. 182c, § 4, 1926. 


3) Comparez les tables de.H. MARK, Die Verwendung der Réntgenstrahlen in Chemie 
und Technik, Leipzig 1926, p. 470. 


Physics. — Introduction to a theory of magneto-optic phenomena in 
crystals. By JEAN BECQUEREL. (Communication Suppl. N°. 68a 
from the Physical Laboratory at Leiden, (Communicated by Prof. 
W, J. DE Haas.) 


(Communicated at the meeting of June 29, 1929). 


§ 1. Remarks on the nature of the absorption spectra in 
crystals of rare earths. 


It is known, that crystals show different absorption spectra according 
to the orientation of the light vibration (electric vector) in the interior of 
the crystal 1). In uniaxial crystals two principal spectra exist: the ordinary 
spectrum corresponding with vibrations normal to the optical axis and 
the extra-ordinary spectrum corresponding with vibrations parallel to the 
axis. 

In the present paper we shall consider the crystals of rare earths, which 
show absorption bands remarkably fine and distinct especially at very 
low temperatures 2). 

The first question to be answered is that of the nature of the absorption 
spectra in these crystals. Have we to do with ,,line spectra’ as in the atoms 
(or ions) of vapours or with ,,band spectra” i.e. with molecular spectra, 
due to the transitions of electrons as well as to the rotations of the molecules 
and to the oscillations of the constituent atoms? Several reasons are in 
favour of an approach to the linespectra of ions 3). 

1°, Different salts or different crytals containing the same rare earth 
as a cation have very similar absorption spectra. It is remarkable that the 
differences for different salts relate to the detail structure of the lines only. 
The grouping of rays lie in the same spectral regions (the isolated rays 
have nearly the same place), so exactly that for any salt it is possible 
to identify at first sight the rare earth cation it contains. This fact proves 
that the spectrum is due essentially to the cation ant not to the molecule 
as a whole or to a complex ion 4). It is however evident, that the different 
compounds or the different crystals have not identically the same spectrum, 
the energy levels and especially the “transition-probabilities” being neces- 


1) HENRI BECQUEREL Ann. de Ch. et de Phys. VI, 14, 170, 1888 and thése de doctorat. 

2) JEAN BECQUEREL, le Radium 4, 328, 1907. JEAN BECQUEREL and H. KAMERLINGH 
ONNES, Comm. N?. 103, le Radium 5, 227, 1908. 

3) The expression generally use of “absorption bands’ must not give rise to confusion: 
it would have been more accurate to speak of “rays more or less diffuse’. At very low 
temperatures several of these rays are nearly as fine as the rays of vapours. 

4) This is in agreement with M. O. LAPORTE (Zs. f. Phys. 47, 767). In this question 
I cannot agree with Mr. G. Joos (Ann. d. Phys. 81, 1076, 1926). 
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sarily modified by the influence of the ions which constitute the molecule 
together with the cation or by that of neighbouring ions in a crystal lattice. 

We must remark now, that a profound difference exists between the 
spectra of the combinations of rare earths and the band spectra like 
those of the uranyl compounds. The latter (absorption spectra and 
phophorescence emission spectra) have a regular structure; groups 
ot homologous lines are lying at constant intervals throughout the whole 
spectrum 1). The existence of these equidistant groups is due to oscillations 
of the atoms in the complex-ion UO, 2). Moreover, for uranyl crystals 
(and for crystals only) in the groups of rays one little interval (of the 
order of 200 cm—1) occurs, which varies from one crystal to the other 
and is due to oscillations of the crystal lattice 3). 

In the crystals of rare earths which we consider here (xenotime, tysonite, 
parisite, bastnaesite, apatite...) the rare earth ion lies isolated at a knot 
of the lattice; no complex ion exists and therefore no groups of rays are 
found at intervals following a regular law. Such groups exist neither in 
the spectra of the solutions. Thus one of the fundamental characteristics 
of band spectra fails. 

It remains however an open question, whether the oscillatory energy 
of the lattice plays a role in the production of the absorption rays. Now 
it is certain, that at the lowest temperatures reached (1.3° K.), at which 
temperatures the specra still exist 4), we cannot imagine an initial oscilla- 
tion in the non-excited state, but it is not impossible, that the production 
of an oscillation of the lattice and the transition of an electron are produced 
at the same time. This question can only be answered after a profound 
investigation of the distribution of the rays, especially at very low 
temperatures. 

The difference between the spectra of the crystals of the rare earths 
and of those of uranyl is again accentuated by the fact that the first ones 
gave a considerable Zeeman-effect, while the “‘bandspectra’”’ of the uranyl 
compounds were proved to be insensible to the action of a magnetic field. 


1) EDMOND BECQUEREL, Ann. de Ch. et de Phys. V, sér. 10, 5. 

HENRI BECQUEREL, C.R. 101, 1252, 1885. 

HENRI and JEAN BECQUEREL and H. KAMERLINGH ONNES, Comm. Leiden N®. 110, 1909. 

E. L. NICHOLS and H. L. HOWEs in collaboration with E. MERRITT, O. T. WILBER 
and Miss F. G. WICK. Publications of the Carnegie Institution of Washington N®. 298 
,1919). The American physicists have established that in the absorption spectrum the 
interval of the homologous rays is smaller than in the emission spectrum. The values of these 
intervals, slightly varying from one composition to the other, are approximately 700 cm—! 
and 830 cm—! resp. 

2) G. H. DIEKE and A. C. S. vAN HEEL, Comm. Leiden Suppl. N°. 55a, 1925. 

3) A. C. S. VAN HEEL. Thesis, Leiden; Comm. Leiden, Suppl. N®. 55b. 

4) In fact, the spectra are very simplified; but they do not show any tendency to 
vanish. The rays that remain at very low temperatures generally are very intense ones. 
It seems as if the whole absorption is concentrated progressively, according as T diminishes 
in these rays of low temperature. As to the variations of the intensity with the temperature 
see the remarks of P. EHRENFEST, in Livre jubilaire de KAMERLINGH ONNES, Leiden 1922. 
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Il. Zeeman-effect in crystals. Recapitulation of the fundamental facts. 


We are only going to consider the case of a uniaxial crystal and we 
shall suppose the magnetic field to be parallel to the optical axis. 

Longitudinal effect. When the light-beam has the same direction as 
both the axis and the field, the decompositions of the rays of the ordinary 
spectrum (the only one visible) differ from the Zeeman-effect of vapours 
by three essential factors 1), 

1°. In the spectra of the atoms (or of the ions) of the vapours all 
components corresponding with an absorption of circular vibrations of the 
same sign as the current producing the field are displaced towards the 
increasing frequencies. Here in the spectra of the crystals of the rare earths 
however these displacements and such of sign opposite to them are equally 
frequent (fig. 1). 

20, For the rare earths that are highly paramagnetic the distance 
between the components can reach very large values. For certain absorption 
rays of erbium in xenotime for example this distance obtains 8.6 times the 
normal value, in one sense as well as in the other with respect to the 
circular polarisation. 

The large distances are equally frequent for both senses of the 
phenomenon. 

A fact probably not fortuitous is, that in all crystals investigated until 
now the ratios of the largest distances to the normal are of the same order 
of magnitude as the ratio of the magnetic moment of the ion in its fun- 
damental state to the BOHR magneton. The number for erbium given above 
is an example. 

30, The decompositions consist of doublets. Sometimes however at the 


at Tr 
fig. 9. Aig, 2. 


side of a principal doublet a secondary doublet is observed much less intense 
and generally with nearly the same distance as the principal one 2). These 
four lines might be called a quadruplet, but I think it more exact to consider 
each doublet individually. They are circularly polarised in opposite senses 
(fig: 2) ; moreover their centres do not coincide; finally either both 
doublets, show an asymmetry in the positions with respect to the initial ray 


1) JEAN BECQUEREL, C. R. de I'Ac. des Sc. 9 avril 1906. Le Radium, 4, 49, 1907; 5, 5, 1908. 
2) JEAN BECQUEREL, Comm. Leiden Suppl. 20, le Radium 6, 327, 1909. 
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or at least, one doublet does so; the asymmetries in the intensities are 
different too. The two doublets are therefore at least partly independent; 
" it is probable that the secondary doublet is due to a satellite ray too near 
the principal ray to be separated from it without magnetic field. 

No explanation of these facts has been given in the quantum theory 
notwithstanding the recent development of the theory of the Zeeman-effect. 
Still it is evident that we have here to do with a phenomenon of the same 
nature as the Zeeman-effect. We may even say with a phenomenon more 
simple in some respects, no complex decompositions having been found. 


Ill. Interpretation of the observed facts. 


From the experimental results the following conclusions are readily 
deduced. 

a. The simplicity of the decompositions proves, that the rays are less 
degenerated than the spectral rays of the vapours. They are partially 
cecomposed already. As without a magnetic field an electric field alone © 
can give rise to a decomposition, we are inclined to consider the absorption 
rays of the rare earths as components due to a natural Stark effect. 

Here we may remark, that probably in this case certain rays would be 
due to transitions forbidden in the absence of an electric field. 

The internal electric field to which the ion is subjected is non-homoge- 
neous; it necessarily has axial symmetry with respect to the direction of the 
optical axis 1). In the absence of a magnetic field, the only possible 
orientations of the ions are those determined by the quantum number m of 
the component of the momentum in the direction of the electric field, while 
the axis of momentum has a precession motion about the direction of the 
electric field. 

The existence of an internal field immediately explains the two spectra: 
the ordinary spectrum corresponding with the transitions Am==+1 
the extraordinary spectrum corresponding with the transitions (\m=0. 

In the electric field alone the energy levels corresponding to + mand 
to—m are confused; a magnetic field is needed to separate them. 
Supposing the magnetic field to be parallel to the axis, considering the 
ordinary spectrum and applying the selection rule m= = 1 to the two 
levels risen from the duplication of the initial state and the two levels 
cf the final state, we find a doublet (fig. 3), which really is the type 
of the decomposition observed. 


1) Though, to speak accurately, the Stark effect is produced by a homogeneous field, 
I follow the example of W. PAULI Jr. in extending the designation to the case of a non- 
homogeneous field. This problem has been treated by O. STERN Phys. Z.S. 23, 476, 1922 
and has been exposed by W. PAULI in Handbuch d. Physik 23, 248. For the calculations 
the electrostatic potential has been supposed to be a quadratic function of the coordinates, 
the nucleus being taken as origine of coordinates. 

2) JEAN BECQUEREL, C.R. 26 mars, 9 avril 1906. Le Radium, 4, 49, 1907. 
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If the preceding ideas are right, we must expect a great variability of the 
Zeeman-effect for one and the same ray of absorption according to the 


orientation of the magnetic field with respect to the optical axis. This 
is what has long been observed: for one and the same ray of the ordinary 
spectrum with vibrations normal to the magnetic field, we have doublets 
with distances absolutely different according as the field is parallel or 
normal to the optical axis. 

Moreover the phenomenon must become more complicated, when the 
magnetic field and the electric field form any angle !). In fact, when the 
magnetic field is oblique with respect to the optical axis, we observe new 
components 2), 

Nets Boner 3) has shown, that for the hydrogen atom subjected both to 
an electric and a magnetic field with axial symmetry round the same axis, 


1) N. BowR. Ueber die Quantentheorie der Linienspektren (Uebers. P. HERTZ) p. 137. 
The problem treated by BOHR however relates to a uniform electric field and to the 
hydrogen atom. 

2) JEAN BECQUEREL, le Radium 5, 5, 1908. Compare the figures 2, 4 and 5. In fig. 2 
a large doublet (8.6 times the normal distance) is to be seen, formed by the components 
of the ray 5221 of the erbium (ordinary spectrum of xenotime). the field being parallel 
to the axis. 

In fig. 4 for the same orientation of the vibration with respect to the field the same ray 
gives a small asymmetrical doublet, the field being here normal to the axis. 

In fig. 5 finally, relating to an oblique field, a triplet is to be seen for the vibration 
normal to the field. The middle component of the triplet occurs in oblique fields only. 

3) N. Bonp, loc. cit. p. 129. 
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the two circularly polarised components of a magnetic doublet must be 
symmetrical with respect to the initial ray and of the same intensity if the 
magnetic field is weak. An asymmetry both in position and in intensity 
must appear as soon as the disturbing influence of the magnetic force 
becomes of the same orders of magnitude as the electric force. 

I may recall here, how much I previously insisted on the asymmetries 
in the positions of the components of the doublets occurring when the - 
magnetic field is parallel to the optical axis. These asymmetries rapidly grow 
when the field becomes stronger. Moreover I established the existence of 
weak asymmetries in the intensities connected with those in the position 1). 

It is probable, that the considerations developed by BouR with respect to 
the hydrogen atom may be generalized and that they relate to the case 
considered here. The ensemble of the facts cited above seems characteristic 
of the simultaneous influence of an electric field and a magnetic field. I do 
not think we need doubt of the nature of the phenomenon. 

The usually very distinct separation of the neighbouring bands shows 
that the non-homogeneity of the electric field must be great at the knots 
of the crystal lattice. We know that in a non-homogeneous field the changes 
of the energy levels are functions of the gradient of the electric field. 

b. The quantum theory of the Zeeman-phenomenon shows that, of the 
variation of mg (g==decomposition factor) from the initial to the final 
state has the same sign as the variation of m, we have the effect in the 
ordinary sense. This is the case in all known examples of the Zeeman-effect 
in vapours. But if the variations of mg and of m have opposite signs, we 
obtain the effect with opposite sign. 

In fact, indicating by accentuated letters the numbers referring to the 
final state (after the absorption) and taking for unit of distance the absolute 
value of normal distance and for unit of momentum the absolute value of 
the Bohr-magneton, we have 


Av = mg’! — mg. 


If, for example m’ — m = + 1, the circular vibration has the same sign as 
the current that produces the field. If m’g’ — mg has the same sign as 
m’ —m, /\'y is positive: this is the ordinary case. The contrary is the 
case of m’g’ — mg <0. 

c. From the preceding formula it is evident, that the large distance of 
certain doublets (for the circular vibrations and for field parallel to the axis) 
are a manifestation of large jumps of the projection on the axis mg of the 
magnetic moment. 

Thus the problem is reduced to the finding of the values for the 
decomposition coefficient that render account of the consequences b. and c., 
which were deduced from the experiments and from the quantum theory 


1) JEAN BECQUEREL, le Radium, 6, 327, 1909. 
W. PAULI, loc. cit. 


TD 


of the Zeeman-effect. The coefficients of Landé do not suffice. Further on 
I shall come back to this question 1), 


IV. Rule for the asymmetries in the intensities of paramagnetic 
origin. Interpretation with the quantum theory. 


It is known, that in all crystals of rare earths the paramagnetic orientation 
becomes manifest in the form of asymmetries in the intensities between the 
two circularly polarised components of a magnetic doublet 2). These 
asymmetries are the origin of the paramagnetic rotatory power. At low 
temperatures they are generally more intense than the asymmetries 
connected with the asymmetries in the positions, considered above. For 
instance for several rays of the erbium in xenotime, at the temperature of 
liquid helium one of the components of the doublet vanishes in a rather 
weak field (of the order of 10.000 gauss) 3). 

For these crystals, as well as for the ruby, a rule exists with only very 
few exceptions. In every doublet the paramagnetic orientation becomes 
manifest by the predominance of the components displaced towards the 
high frequencies for either sense of the Zeeman-effect with respect to the 
circular polarisation. 

Apart from rare exceptions it is evident from this rule, that towards the 
side of the low frequencies the paramagnetic rotation due to an absorption 
band. has the negative sign, when the Zeeman-effect has the ordinary 
sense, and positive in the opposite case. The inverse senses occur towards 
the side of the high frequencies 4). 

We are now going to interpret the rule for the paramagnetic asymetries. 

For an absorption ray not decomposed by a magnetic field two quantum 
numbers correspond to the initial state of the ion ++ m and two to the final 
state of the ion -+ m’. Besides, we have the selection rule Am—=-=+ 1. In 


1) I had expected to find the solution by assuming an electrostatic binding between the 
rotating nucleus and the electron envelope, the nucleus being asymmetrical and the envelope 
strongly polarised by the internal electric field. In their book “Introductoin a la Physique 
des rayons X et »"’ p..114, MAURICE and LOUIS DE BROGLIE have raised the question 
of an “embrayage”’ between nucleus and electron layers, when one of the latter is displaced. 
For quantum numbers of rotation for the nucleus of the same order of magnitude as the 
number obtained by BACK and GOUDSMIT for the bismuth nucleus, decomposition coef- 
ficients are found rendering account of the phenomena observed in the crystals of rare 
earths (both senses and the large distances). But Mr. H. A. KRAMERS made the true | 
objection, that the electric field opposes such a binding between the nucleus and the 
envelope, as the nucleus can only have a very small electric moment. 

2) JEAN BECQUEREL, le Radium 5, 5, 1908; 6, 330, 1909. 

JEAN BECQUEREL and H. KAMERLINGH ONNES, Comm. Leiden N°. 103, 1908. 

3) JEAN BECQUEREL, H. KAMERLINGH ONNES and W. J. DE HAAs, Comm. Leiden 
N°. 177, 1925. See the fig. (1) and (2) of this Comm. 

4) It is to be remembered that upon the paramagnetic rotation the diamagnetic one is 
superposed, which has the same sign at both sides of a band (positive in the case of the 
ordinary ZEEMAN-effect, negative in the other case). 
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the magnetic field the most intensive component is that due to a transition 
starting from the state of lowest energy, this state being the most probable 
one. Assuming g positive in this initial state; the lower level is the level 
(—m); the rule now teaches us, that the component displaced towards 
the high frequencies correspond to a transition starting from (—m), which 
may be the sense of the Zeeman-effect. 

1. If the Zeeman-effect has the ordinary sign, this component has a 
positive circular polarisation; we thus have 


+m+m=+1. 


With the exception of the particular cases m—=0O and m=141), this 
condition can be fulfilled only then when the final state has a negative 
quantum number (—m’), so that we must write : 


—m+m=—+1. 


As on the other hand the variation of mg has the same sign as that of 
m, we have 


m’g’ < mg. 
2. If the Zeeman-effect has the inverse sense, we have 
—m+m=—l. 


and as the variation of mg is of sign opposite to the variation of m, we 
find again the preceding inequality. 

We may remark, that this condition is necessarily fulfilled, if g’ is 
negative. ; 

If we had supposed g to be negative, we should have found that as a 
tule the law is followed that g’ is positive or negative with the condition | 


m’|g'|<m|g| 


Summarizing: if we exclude the very special case 2) + m=—=-+ 14 and 
+ m'=-+ \, the rule for the asymmetries has the following meaning. 
For values of the same sign for the quantum number of orientation in the 


1) For m=O, the initial state is not redoubled and there is no asymmetry. For m=1/, 
the case is different from the general case as the final state in the above equation corres- 
ponds to + m’=!/,, while for m superior-to the equation necessarily gives the negative 
value (—m/’) for the quantum number of the final state. A complete discussion of the case 
m==1/, would show, that an asymmetry occurs of the sense indicated under one of the 
following conditions 

m' =1/2 with g and g’ of the same sign, 

m' =1/, with g and g' of opposite sign and also m'|g'| < mlg|. 
m' =3/, with g and g’ of opposite sign, 

m' =3/2 with g and g’ of the same sign and m'\g'| < mlgl. 

The two last conditions (m’ = 3/2) only lead to the same conclusions as in the general 
case (m> 1/2). 

2) With this case corresponds an absorption ray that has not exactly the same position 
and a different intensity in the ordinary and the extra-ordinary spectrum. 
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initial and in the final state, the projection of the magnetic moment in the 
final state is smaller than that in the initial state, whether the projection 
on the axis of the magnetic moments in these two states have the same 
sign or opposite signs, 

The rule for the asymmetries must be kept in view in the investigation 
of the transitions to which the absorption spectra of the crystals of rare 
earths are due. 


V. Transverse effect. Extra-ordinary spectrum. When the light-beam -. 
is normal to the common direction of the axis and of the field, the modific- 
ations of the ordinary spectrum are the same as in the case of longitudinal 
observation with this single difference that the components are linearly 
polarised. Thus we have to consider the extra-ordinary spectrum only 
(electric vector parallel to the optical axis and to the field). 

According to our theory the extra-ordinary spectrum must be given by 
the transitions + m’==-+m. In the magnetic field the transitions 
corresponding with +m and with —m give a doublet, which is in 
agreement with the experiments. 

But for the state of polarisation, no difference must exist in the nature 
of the magnetic modifications of the rays of the extra-ordinary spectrum 
and those of the ordinary spectrum, if the magnetic field is parallel to 
the axis. In fact the largest distances of the doublets are of the same 
order of magnitude in the two cases. Moreover, the asymmetry in the 
intensities of paramagnetic origin 1) is the same as in the ordinary spectrum; 
the experiments show that, but for a few exceptions, the rule for the 
asymmetries is the same. 

We shall not consider the much more complicated case, that the magnetic 
field is normal to the optical axis. I will only insist on the fact, that the 
modifications of the rays are essentially variable with the orientation of 
the field with respect to the axis, as has been mentioned already. It may be 
remarked also, that no asymmetry in the intensities of paramagnetic origin 
occurs (at least not to a perceptible degree) for an orthogonal position 
of the field and the axis. 


VI. Remarks on the Zeeman-effect in the crystals of the rare earths. 

We mentioned, that the large distances of the doublets and the existence 
of two opposite senses of the circular polarisation of these doublets seem 
inexplicable with the aid of the decomposition coefficients of Landé. It 
is not impossible that the internal electric field produces an effect analogous 
to the Paschen-Back effect 2). This will be the case, if the action of 
the electric field on the resulting orbital moment (quantum number /) 
predominates over the reciprocal action (/s) ; but it is not possible as 


1) To this asymmetry an asymmetry of an other nature is superposed as in the case 
of the ordinary spectrum (see above). 
2) This hypothesis was suggested to me by Mr. H. A. KRAMERS. 
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yet to solve the question, a profound study of the succession of the 
absorption rays being necessary, while on the other hand the energy 
differences for the terms of the multiplets are not known for the ions of 
the rare earths, 

It is evident, that an electric Paschen-Back effect would change the 
magnetic moments of the ions; this might explain why for the ion Ce+++ 
in tysonite and in parisite we found 1 Bohr magneton 1) from measurements 
of the paramagnetic rotatory polarisation (instead of gj==2.14, which 
value follows for the fundamental state from the measurements of 
CABRERA2) and of St. MEYER’) and also from an investigation of 
Hunp #) ). In the ion Cet++ only one, the electron responsible for the 
magnetism exists (s== 14) and as the moment is equal to one magneton, it 
is obvious, that the moment of this electron only plays a role. If under the 
influence of the electric field the binding (ls) is ruptured and if moreover 
the minimum energy in the fundamental state corresponds to m, = 8, 
the orbital moment no longer plays a role. But this interpretation is very 
hypothetical. It is not clear however, how to explain the great 
decompositions with the two senses of the Zeeman-effect, while keeping 
to the rule Am, =O which has always been observed in the magnetic 
Paschen-Back effect. Another question is that of the nature of the transitions 
to which the absorption bands are due. It seems certain, that for the triple 
ions of the rare earths in the initial state which at very low temperatures 
(1.3° K.) is the fundamental state (modified and decomposed by the 
electric field), the active electrons are those of the incomplete layer 
(n=4, 1=3); the variation in the energy by the transitions to 
the layers n==5 or n= 6 seem to be too great to give absorption rays 
in the visible spectrum). So that we obviously have to do with a 
reorganisation of the incomplete layer under the action of the light: the 
anomalies in the Zeeman-effect should then be an indication of great 
variations of the magnetic moment by this reorganisation. 


1) JEAN BECQUEREL and W. J]. DE HAAs, Comm. Leiden N?. 193a, 199a. 

2) B. CABRERA, C.R. 180, 668, 1925. 

3) St. Meyer, Phys. Z.S. 26, 1, 478, 1925. 

4) F. Hunpb, Z.S. f. Phys. 33, 855, 1925. Linienspektren und periodisches System der ~ 
Elemente p. 179, 1927. 

5) The transitions to n=5 might give the ultraviolet bands, which are the origin of 
the great paramagnetic rotatory power as e.g. the extremely intense band which, according 
to the law of Mr. LADENBURG, must lie at about 2=2370 A for the Ce*t* in tysonite 
and in parisite (J. BECQUEREL and W. J. DE HAAS loc. cit.). 


Physics. — Investigations about the ionising effect of a-rays in solid 
dielectrics. By HERMINE FOLMER (Communicated by Prof. H. Haaa). 


(Communicated at the meeting of May 25, 1929). 


Introduction. 


The study of ionisation specifically by a-rays of radioactive substances has 
up to now been restricted in the main to gases, though this phenomenon 
has also in some cases been examined with regard to liquids 1). The result 
obtained was, that instead of the strongly ionising effect that had been 
expected in analogy to the phenomenon of gases, the total ionisation 
caused by an a particle seems to be a thousand times smaller in this medium 
than in air. JAFFE 2) has examined this question, not only experimentally 
but also theoretically, and has been able to show, with due allowance for 
ion-diffusion and columnar ionisation so characteristic of a-rays (the factor 
which promotes so greatly the recombination of the ions) that this ionisation 
is only seemingly slight, because in the experiment only a-small number of 
the ions formed will emerge. 

If then we apply these experiences to solid dielectrics we shall indeed 
expect a priori some effect, probably, however, in a still smaller degree 
than with liquids on account of the recombination of the ions which is 
greater yet in this case. All investigations on this subject 3) have led to a 
completely negative result up to now; GREINACHER, e.g. does obtain an 
effect, but only attributes it to a disturbing influence out of the air during 
his experiment. Now it seemed a desirable thing to me, in connection with 
a closely related experiment on a-rays which I wanted to make, to take the 
lastmentioned problem in hand again ; these experiments for which paraffin 
was chiefly taken as a dielectric (also shellac however) have led to results 
different from GREINACHER’s, while I can neither associate myself with 
the latter’s explanation given of the effect produced ; all which will become 
evident later on. 


Apparatus. 


Fig. 1 shows a one fibre electrometer of WULF to the metal box a of 
which the ebonite cylinder b has been fastened with screws, round which 


1) H, GREINACHER, Phys. Z. 10, 986, 1909; J. C. Mc. LENNAN, Phys. Z. 13, 1177, 
1913; A. ZAROUBINE, Le Rad. 9, 385, 1912; G. JAFFE, Le Rad. 10, 126 en 276, 1913; 
J. C. Mc. LENNAN and D, A. Keys, Phil. Mag. 26, 876, 1913. 

2) G. JAFFE, Ann. de Phys. 42, 303, 1913. 

3) H. GREINACHER, Le Rad. 6, 29, 1909; T. BIALOBJESKI, C. R, 149, 120, 1909; 
_ H. SCHILLER, Z.f. techn. Phys. 6, 588, 1925. 
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an elastic metal ring can be slipped provided in three places with narrow 
metal slips in an upward position, two of which are visible in the figure, 


‘Tension 


epi eae : Wee 
Se suann Cates ate 
electrometer 


Fig. 1. 


supporting a circular metal plate c with a concentric aperture (with a 
deepened rim). On the extension of the rod connected to the string of the 
electrometer a small nickel-plated brass plate d is placed by means of a 
small tube with a spiral. On this plate a thin layer (about 0.2 mm thick) is 
put of the paraffin that is to be examined. In the centre of this paraffin is 
stuck an aluminium foil, without ‘holes, radius 1 cm, thickness about 8 
microns. The metal ring is now pushed down round the ebonite so far that 
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the deepened rim of c comes into close contact with the above-mentioned 
aluminium foil. Over the aperture of plate c is a small support for a plate 
coated with polonium of which the rays falling on the paraffin can or 
cannot be screened by s, thus fastened to c that it can revolve. The very 
pure paraffin used for dielectric was still further purified by melting and 
pouring it off several times and then heating it for some time in vacuum, 
so that the air was quite driven out. 


Application of electric tension. 


In order to bring the paraffin in an electric field plate c insulated from a 
by the ebonite cylinder b, is connected to a battery of accumulators (if 
necessary put to 0 volt) while the metal plate d through the connection of 
tube and spiral by means of the elastic side-rod f, is either connected to 
earth or is insulated from it and can then charge the electrometer directly. 
On its lower side plate d is provided with a metal band fixed in a thickened 
paraffin rim (guard ring) connected to earth by the mercury tube q like 
the nickel-plated tube e which serves to screen the charging-system from 
induction and which. after the arrangement of the paraffin can be pushed 
up inside the cylinder a. 

Besides experiments with the string electrometer, others were made at 
the same time with an electrometer of another system 1) in order to test the 
measurement of both instruments to each other. In this second electrometer 
- the apparatus had to be fixed to the bottom of the electrometer instead of 
on the top, which entailed some further modifications. 


The experiment in question. 


This can be split up into three successive stadia : 

I. The application of an electric field ; current measurement. 

II. Polonium-rays radiating on the dielectric; current measurement. 

III. Intermittent Po-radiation ; current measurement. 

I. The metal plate c is kept at a fixed potential (e.g. + 80 volts) and 
shortly afterwards the string 2) is insulated; the current that appears is 
strong at first, but gradually decreases in intensity so as to reach its final 
value after about six hours (with paraffin). This peculair course of the 
current after the application of a field has been examined by JOFFE 3) and 
his collaborators both with regard to crystals as with other solid dielectrics 
(about 200 in number) and the results have only partly been published as 


1) These Proceedings Vol. 17, 1914. 

2) If not mentioned separately it will always be the conduct of the Wulf electrometer 
that is referred to in the following pages; though analogous results were obtained with the 
two electrometers, each was of advantage in its own special way for certain experiments. 

3) K. SINGELNIKOFF and A, WALTHER, Zs. f. Phys. 40, 786, 1927; A. JOFFE, Zs. f. 
Phys. 48, 288, 1928. 

49 

Proceedings Royal Acad. Amsterdam. Vol. XXXII. 1929. 
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yet; it shows that the ions which begin to move under the influence of the 
field can cause space charges either at the electrodes or throughout the 
dielectric and that the counter-tension thus roused (a much more general 
phenomenon than it was thought to be up to now) must be considered the 
chief factor for the decrease of current. 

In connection with phase I I found several effects which shed a light on 
the conduct of the dielectric, a.o. the following: After the application 
of a field it became evident to me that the curve of the current that 
appears dependent on the time underwent a change if the dielectric had 
been exposed beforehand (with a potential value of c==0 volt) to radium 
radiation for e.g. twelve hours1) in which case the value of the current 
compared with the normal case was about three times larger in the beginning 
in order to decrease to the same final value (however after the lapse of a 
longer time). In this phenomenon, according to my opinion, the slight 
mobility of the ions in the solid paraffin comes to light in a peculiar way ; 
the explanation of the phenomenon is that through the radiumradiation 
during twelve hours a strong ionisation arises in the paraffin which after 
the removal of the radium does decrease in consequence of the 
recombination of the ions, but very slowly (as contrasted with the case of 
ionisation in gases) owing to the slight mobility of the ions. If then a field 
is applied directly after removing the radium a great number of ions will be 
in readiness to respond to the field, which causes the current to be above 
its normal and this even for hours after owing to the above mentioned 
cause. The test of this explanation was as follows: the experiment was 
repeated, but in such a way, that between the removal of the radium and 
the application of a field there was an interval of twenty-four hours in 
order to enable the ions to recombine; the current which then appeared 
after the application of a field was again equal to that which arises without 
a preceding radium radiation. 

Il and III. After having waited till the current in I has nearly reached 
its end, screen s is turned aside so that the radiation of the polonium falls 
upon the paraffin. GREINACHER, who has examined this phenomenon the 
most fully (with a somewhat different arrangement as has been described 
here) found the following result shortly stated (cf. fig. 2): the current 
first increases up to a maximum then to decrease slowly to nearly the initial 
value; if then alternately the radiation is either intercepted or again 
admitted (stadium III) the first part of the current curve will not appear 
again in the latter case, but every time only a slight but constant 
increase of current. GREINACHER calls this whole effect an apparent one and 
this was thought to be the result of insufficient contacts of the aluminium 
with the dielectric. He assumes 2) that in these places no current passes 
through the paraffin so that no reverse-current is formed in the dielec- 


') For that purpose a glass tube (thickness of walls 0.3 mm) containing 1 mg of radium 
was placed on the polonium support. 
2) H. GREINACHER, l.c. 
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tric; as soon, however, as Po-rays fall upon it the air-bubbles 
present between aluminium and paraffin will be ionised and through this 
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the electric contact is brought about. Then current will also flow through 
these parts of the dielectric and a counter-tension arise, with the consequence 
that a repetition of the course of the current will arise: Stadium I, 
producing the first part of the curve of fig. 2, so that in the end the entire 
polonium effect would not rest on an increase of conductivity of the solid 
substance but only on an augmentation of the contact surface. 

In contrast with the representation of phenomena as given by 
GREINACHER experiments led me in the first place to another result (cf. 
fig. 3). I found the following: as soon as Po-radiation appears there 
arises first, it is true, a strong increase of current and also a decrease down 
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to about the initial value, but the effect of the intermittent Po-radiation 
(i.e. stadium III) consists certainly in a partial reappearance of the first 
part of the current curve, while the greatness of this effect depends entirely 
on the time of interception of the radiation, so that even after a sufficient 
time of non-radiation, e.g. two days, the initial curve of the current values 
can be totally reproduced. This phenomenon has always been observed by 
me without exception with both measuring apparatus. 

Not only does the experiment in itself differ from that of GREINACHER’s, 
but I can neither agree with the latter’s explanation of the phenomenon as 
such. It also appeared to me that an apparent effect can arise by the 
presence of air-bubbles, which will be further explained in the first place 
below ; the explanation of this influence of the air will, however, appear to 
be yet somewhat different from that of GREINACHER. But moreover I have 
received the impression on the strength of experiments made so far, that 
even in the absence of air-bubbles there still remains an effect that may be 
attributed to a real ionisation effect, brought about by a-rays in the solid 
paraffin. The experiments referred to here that have not yet been finished, 
are of a twofold nature: these too will be described more accurately 
here below. 


Apparent effect caused by air-bubbles. 


In the experiments described thus far the aluminium foil is stuck to the 
lukewarm paraffin in order to prevent air-bubbles from arising between 
the two mediums. If on the other hand one lays the aluminium on the cold 
paraffin so that air-bubbles are clearly visible then the experiment has the 
following aspect: by the admission of polonium rays (i.e. stadium II) 
there arises, if immediately after the string is insulated, a much stronger 
current effect than was represented in fig. 3 with a paraffin dielectric, 
where air was avoided, so that the string darts out of the field (even a 
few times running) with great velocity, then the velocity decreases again 
by degrees; also with the intermittent polonium radiation (i.e. stadium III) 
a highly intensified effect appears. It seems to me that this must be 
explained as follows: Let us suppose the presence here and there of an 
air-bubble between paraffin and aluminium, then after the application 
of a field (e.g. + 80 volts) the voltage will only partly be present 
under these air-bubbles on the paraffin surface on account of its perfect 
insulation and probably neither be able to reach the full value of 
+ 80 volts after a lapse of time through additional leaking of charge 
from neighbouring places. This is still furthered by the appearance of a 
current directly after the application of a field, which carries the negative 
ions upwards to the surface, including those places over which air is present, 
which in itself makes the voltage fall again so that through all the causes 
mentioned together, after the existence of the field for days, a shortage of 
voltage is to be observed under the air-bubbles on the paraffin. If Po- 
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radiation appears then a strong ionisation occurs in the air-bubbles and 
consequently the voltage on the paraffin surface will suddenly rise to the 
full amount of 80 volts. The above-mentioned strong polonium-effect arises 
according to my opinion because this sudden increase of voltage on the 
paraffin surface causes a displacement current, which again gives the 
sudden increase of voltage to the insulated string. 

The following also corresponds with this explanation: when the field 
(+ 80 volts) is applied under similar circumstances as above, where the 
paraffin on the upper surface is covered only partly by aluminium the. 
effect will be far intenser yet when Po-rays fall upon it 1). 

Without further comment it will be clear that with a partial aluminium 
covering a far greater shortage of voltage may be observed on the paraffin 
surface. The influence of the air-bubbles has the same result as when with 
complete aluminium covering, with the help of an accumulator short- 
circuited by a great resistance one applies the field in such a way that one 
increases the value of the potential of plate c gradually from 0 volt during 
the insulation of the string: one will see a gradual deflection of the string 
and that owing to the cause just described. 

The preceding bears relation to the apparent effect appearing in a 
so-called air-bubble paraffin (i.e. a paraffin dielectric where air has been 
applied on purpose); the question now rises whether the explanation 
given is not also sufficient for those cases which for the matter of that 
have always been under discussion in the investigation described, where 
it has been carefully avoided to admit air but where there is always the 
chance, however, of the presence of small enclosed air-bubbles which could 
again produce an apparent effect. Before describing the two above- 
mentioned experiments which have led to opposed results a_ short 
consideration be given here for clearness, sake of the way in which an 
ionisation process might take place by a-rays caused in the solid substance. 


A representation of the ionising effect caused by a-rays in 
a solid dielectric. 


When after the termination of stadium I the a-rays of polonium fall on 
the aluminium, they penetrate this with the loss of part of their velocity, 
so that they can penetrate a layer of paraffin of at most 40 microns 
thickness ; according to their nature the a particles will ionise strongly in 
this layer. In consequence of the presence of an electric field the positive 
and negative ions that have arisen will show a tendency for motion in, 
respectively counter to, the direction of the field. If we assume that notwith- 
standing counteracting factors (slight mobility, great columnar recom~- 
bination) a small part of the ions will yet be able to answer it, though the 
path may be very short, the condition in the central part of the above- 


1) It should be remembered that the polonium support is also at +80 V. so that the 
air-ions formed will also try in this case to transplant this voltage to the paraffin surface. 
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mentioned layer (40 4) remains on the average neutral through the displace- 
ment of the positive and negative ions with respect to each other;; in 
the upper part of the layer on the other hand it may happen that some ions 
arrived at the aluminium, lose their charge, while on the lower side of the 
layer a positive space charge may be produced. The positive ions that move 
in a downward direction will, probably in consequence of their very slight 
mobility, soon be stopped, perhaps by a combination with neutral groups of 
molecules and this growing positive space charge will cause a displacement 
current which will give the string of the electrometer an increase of positive 
potential if insulated. This space charge counteracts the existing electric 
field, through which the effect will diminish with time and lead to an 
equilibrium in which the growth of the layer will counterbalance its 
disappearance ; this then will be brought about either by diffusion or by 
neutralisation of the layer from the lower part caused by the natural con- 
ducting current i.e. by the ever existing final current of stadium I. 

If we assume a real ionising effect then the phenomenon of the intermittent 
Po-radiation can also be explained; for when Po-radiation is intercepted 
while maintaining the field the positive space charge will disappear by the 
natural conducting current in the paraffin, perhaps also by diffusion, so 
that if the Po-radiation is again admitted after a sufficient time the above- 
mentioned phenomena of increase of current and subsequent decrease can 
occur every time again. The fact that the magnitude of the effect is 
dependent on the time of interception of the rays also follows from the 
preceding. 

Let us apply the preceding ideas for the explanation of one of the 
above-mentioned experiments that should prove a real ionising effect of 
the a-rays in the solid paraffin. The question here is a comparative 
experiment of the intermittent polonium radiation, stadium III, taken for 
case A with a non-air-bubble paraffin; for case B with an air-bubble 
paraffin. 


Case A, stadium III. 

After a complete polonium-radiation it is screened off during 24 hours 
with screen s, then admitted again and immediately after the string is 
insulated during one minute, then put to 0 volt, then as soon as possible 
insulated again for one minute etc. etc. The successive deflections per 
minute are: 22.7, 17.9, 14.8, 12.8, 11.5, scale divisions ; from this is proved 
that the velocity of the string diminishes by degrees, which is also the case 
in every minute taken by itself. 


Case B, stadium III. 

After a complete Po-radiation it is screened off so long with screen s 
(after a preliminary trial) that upon its being admitted again and upon a 
direct insulation of the string its total deflection is about the same in the 
first minute as that of case A in the first minute. The successive deflections 
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per minute, equally determined as those of case A, are 22.0, 6.0, 4.5, 3.3, 
scale divisions; from this it is proved first that the effect falls strongly 
after the first minute, then diminishes more gradually; more important 
yet is the movement of the string in the first minute; the string moves with 
great velocity from 0 to scale division 18 (in e.g. 10 seconds) after which 
the velocity becomes + 0; then the string still moves on slowly through 
4 scale divisions. 

The characteristic differences of cases A and B I would shortly explain 
as follows: in case B the ionisation current in the air-bubbles will be so 
intense at the appearance of the Po-radiation (with the existing potential 
difference aluminium-paraffin surface) that the ions like a swarm as it were 
will suddenly complement the failing voltage on the paraffin surface 
(movement 0—18); the further deflection also in the following minutes 
might be the consequence of complementing the space charge in the 
paraffin, which space charge will be also present in case B. In case A on 
the other hand this complementing will only be gradual as there the 
phenomenon is supposed entirely to consist in the complementing of an 
internal space charge, which can only take place by means of the ions of 
the solid substance. 

The second argument for the existence of an ionisation effect of 
a-rays in the solid substance rests on a phenomenon [| might call the a 
induction-effect. This arises as follows: If according to scheme fig. 1 a 
paraffin dielectric covered with aluminium is set up, without, however, 
applying a field as yet, (plate c at 0 volt) while the charge has 
been removed from the interior and the surface of the paraffin, the string 
will not deflect if insulated. If however screen s has been moved aside 
beforehand so that the Po-radiation falls on the dielectric then the string, 
if directly insulated, will be charged with very slight velocity the direction 
of which will correspond to a positive charge of the electrometer. In 
my opinion, a displacement current is the cause of the effect on the electro- 
meter brought about by the positive charged a particles which are all 
absorbed ‘by the paraffin and along with them also the positive charge 
they carry with them. What is typical in this phenomenon is that though 
Po-radiation falls continually on the paraffin this phenomenon has only 
been of a temporary nature; from the beginning the effect decreases first 
rapidly, then slowly, in magnitude; after twelve hours e.g. (perhaps 
already sooner) nothing is to be perceived any more of the effect. If 
then the Po-radiation is intercepted, e.g. for a day, only a very 
small part of the effect will return with a renewed radiation; if on 
the other hand the radiation is not only intercepted, but during a 
night replaced by that of a radium preparation, then the total effect will 
reappear with a returned Po-radiation. In addition: if the Po-radiation is 
intercepted, while the effect is still present, e.g. for a day then the effect, 
if a radiation has been once more admitted, will be simply continued 
starting from about the final value of the preceding day. 
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That here we have really to do with a special positive charging effect 
of a particles, became evident to me a.o. from the fact that also if an 
electric field has been applied before (either a positive or a negative 
one) and the field is then removed, (plate c at 0 volt) with a subse- 
quent Po-radiation, the effect will yet appear, in the way that can be 
predicted, though now under complicated circumstances; for in removing 
the field (without more) one will always observe that for some days there 
will be after effects of the field (decreasing in intensity) which cause a 
weak current in insulating the string, the direction of which is 
contrary to the current which exists during the presence of the preceding 
field. If during this period one causes Po-rays to fall on the paraffin (we 
shall not enter any further now into some precautions that must be taken 
into consideration here) then when insulating the string, in case of a 
preceding negative potential, the velocity will increase, but on the other hand 
in case of a preceding positive potential decrease, or rather, the string will 
deflect in a contrary direction; in other words in contrast with the after 
effects of the field whose sign turns with the sign of the field preceding it, 
the induction effect, caused by the positive charge of the a particles, will be 
independent of the sign of the field that existed before. 

According to my opinion also the behaviour of this a induction pheno- 
menon can only be satisfactorily explained if we assume a real ionisation 
effect of the a-rays in the paraffin; for these a particles, which, owing to 
their characteristic range, are all absorbed by the paraffin ina thin layer of 
about 40 microns depth, will in this layer form a positive space charge: 
moreover they will during their traversing of the paraffin ionise this 
dielectric. The ions then formed will try to neutralise again the field 
produced by the positive charge of the a particles and through that make 
the induction effect decrease just as the experiment yields, which effect 
will finally even become 0, if the current of a charge becomes equal to 
that of the contrary direction, caused by the neutralisation of the 
field. One might suppose in this phenomenon that the decrease to 0 in 
this effect was brought about by the compensation of the current of 
positive a charge through a leaking away of that charge in consequence of 
the natural conduction of the paraffin without more. A similar view is, 
however, contradicted by the above-mentioned fact, that after a complete 
Po-radiation (and consequently after the effect became 0) only a slight 
fraction of the effect appears with a renewed admission of Po-rays after 
having intercepted the radiation from which follows that the internal 
positive space charge is on the contrary stubborn and therefore the paraffin 
conducts this charge away with difficulty and also the ions will show a 
weak ‘diffusion through the paraffin. 

With this will e.g. also agree the fact that after one day’s interception of 
the radiation while the effect is still present, with a renewed appearance the 
effect is simply continued. That the effect returns again after radium 
radiation might be possible because this radiation entirely neutralises the 
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still existing field by its intense ionisation. In this way the plausible 
explanation of the course of the a induction phenomenon is also found. 

As was already pointed out in the preceding only further experiments 
will be able to pronounce a final judgment on the inyestigation described 
here; these experiments, which are in preparation and based on very 
different principles will be executed with the help of a fresh polonium 
preparation, as the old one has decayed to a too small intensity (in one and 
a half years). 

Should the result obtained be in accordance with what has been described. 
above, then an ionising effect by a-rays would also have been ascertained 
in the case of solid dielectrics. 


Natuurkundig Laboratorium 
der Rijksuniversiteit Groningen. 


Physics. — The spreading of proteins. By E. GORTER and F, GRENDEL. 
(Communicated by Prof. P. EHRENFEST.) 


(Communicated at the meeting of June 29, 1929.) 


From the beautiful experiments of The Svedberg 1) it has resulted that 
the molecular weights of several proteins are simple multiples of 34500 (A). 


Eggalbumin 

Bence Jones protein 
Hemoglobin 

Serum albumin 
Serum globulin 

R. Fycoerythrin 

R. Fycocyan 

C. Fycocyan 
Amandin 
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Only hemocyanins have higher molecular weights. 

I have studied since several years with GRENDEL 2) the spreading of 
several proteins, of which hemoglobin and casein in a pure state. Recently 
I was able through the kindness of The Svedberg to study the spreading 
of several proteins in his laboratory. The results of those experiments hav2 
fully confirmed our former results. 

Without entering into details of the last mentioned experiments which 
have only a provisional character, I wish to emphasize the important fact 
that all these proteins have a remarkably constant “‘spreading-number’’, 
when in the tray of Langmuir’s apparatus 1/;) normal hydrochloric acid is 
used. This number indicating the surface occupied by 1 mgr. of the sub- 
stance was: + 1.0 square meter. 

Not only the smaller molecules but also the proteins of the 6 A.-group 
showed this same surface under these conditions. What does this 
value mean? 

It seems probable that in a watery solution of a protein all the molecules 
have their polar groups orientated to the outer surface. When spread on 
an acid solution alle these groups are however drawn to the surface and 
placed in an horizontal plane. 


1) The Svedberg Colloid Chemistry, The chemical Catalog Company, New York 1928 
p, 164 and Nature 123, 871 June 8, 1929. 
2) GORTER & GRENDEL, These Proceedings, Bd. 29, 1926, N°. 9. 
5 i , Transact. of the Faraday Soc. Bd. 22, Dec 1926. 
a a . Biochem. Ztschr. Bd. 201. 1928. pag. 391. 
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Supposing this to be the case it is easy to calculate the radius of J 
molecule. According to measurements in Svedberg’s laboratory the specific 
volume of most of the proteins is about 0.75. 


We have: 


volume of 1 mgr. of protein 0.75 « 10—% cm3. 
and outer surface of 1 mgr. of protein 104 cm?. 


The volume of the molecules of 1 mgr. of protein is 4/3 a r3n and the 
surface of the molecules is 4 a r2n. We therefore get : 


r=22.5 A. 

Now, Svedberg has shown that under the conditions of his measurements 
a protein molecule of mass 34500, is spherical, and has a radius r= 22 me 

This close correspondance seems to indicate that the spherical molecules 
are transformed into flat plates: the polar groups being brought from the 
surface of a sphere into an horizontal plane. 

The proteins, casein, hemoglobin, ovalbumin that we were able to examine 
in a very pure state, showed the same transformation at the isoelectrical 
point: the phenomenon is reversible. 

The spreading of the proteins having a molecular weight of 208.000 give 
the ‘same spreading number. This would indicate that they consist of 
groups of 6 spherical units, and that at the spreading under these conditions 
the bonds between these units are loosened. 

This modification of the form of the proteins gives an explanation of 
the striking fact that the same substance which is more or less easily 
soluble in a watery-buffer solution can be brought to spread under slightly 
different conditions. 


Pathology.— On anophelism without malaria around Amsterdam, (Third 
communication.) On the food of adult Anopheles maculipennis in 
malarious and non-malarious regions 1). By N. H. SWELLENGREBEL, 
A. DE Buck and E. SCHOUTE. (From the Intitute of tropical hygiene, 
Amsterdam.) (Communicated by Prof. W. SCHUFFNER.) 


(Communicated at the meeting of June 29, 1929.) 


1.° Introduction. As a rule, Anopheles in stables outnumber, to a 
greater or lesser extent, their congeners in houses. The average number 
of Anopheles settled in human dwellings (“domestic incidence’), propor- 
tional to that in stables (“stabular incidence’), yields a ratio: the 
“stabular attraction”, which greatly varies, according to the species (race 
or strain) concerned, even among the principal vectors of numerous highly 
malarious localities. Under certain conditions, it enables us to estimate the 
probability of an Anopheles, which left a house for the sake of oviposition, 
to alight in some human habitation on its return flight. But it is not sufficient 
to evaluate the chances of malarial transmission by this Anopheles, unless it 
has been ascertained that it takes food within the house 2). 

The percentage of engorged specimens, among the female Anopheles 
settled in houses (“domestic blood-rate”) supplies the missing evidence, 
provided these females did not take their meal in some other place. To 
make sure of this point, it is necessary to ascertain what kind of blood they 
ingested (KING and BULL’s precipitin test, 1923), so as to make a distinction 
between the “human blood-rate” and the “animal blood-rate” which form 
together the domestic blood-rate, mentioned above. 

Finally, if the average number of females per house is known by the 
domestic incidence and the percentage of males, the human blood-rate 
allows of establishing the “effective incidence’’, ie. the average number of 
females per house containing human blood. 


The human blood-rate and effective incidence increase or decrease in proportion to the 
anopheline species concerned: 1°. feeding more or less exclusively on blood; 2°. being 
more or less adapted to a human environment with regard to its choice of either food or 
shelter 3°. remaining for a longer or shorter time in a particular resting-place as a 
consequence of either sedentary habits or “homing instinct’. 

Consequently, it is a mistake to explain a high human bloodrate by ‘ ‘anthropophilism” 5 


1) These investigations have been carried out under the auspices and with the 
financial support of the International Health Division of the Rockefeller Foundation. 
2) This needs not be the case, as Anopheles seek their various resting-places in view 
of obtaining: 1° food and 2° shelter. Localities affording the latter only, may be more 
attractive than others, apparently offering both: In Medemblik (N.-Holland, Netherl.) 
we found an average of 2 Anopheles per house and no less than 148 per uninhabited shed. 


773 


and the contrary condition by “‘zoophilism”, unless it has been ascertained that the other 
factors, enumerated here, are of no consequence. The term “blood feeding habits” is 
hardly warranted, considering that the observations admit of an explanation in which 
these habits need not enter at all. Considering, however, that all these forms of behaviour 
are in favour: of malarial transmission, it follows that the human bloot-rate and the 
effective incidence yield an indication of some value to estimate the comparative importance 
of an anopheline strain as a malarial vector. Of course the rate of infection in nature is a 
much more reliable one. In the present instance it is of no use, as the long-winged 
paucidentate strain of A. maculipennis occurs in habitats, where it is not, for the moment, 
in a position to become infected. 


2. Object of the present investigation. During our studies on the racial 
differentiation of the anopheline fauna inhabiting the Netherlands (1927, 
1928), we found the short-winged multidentate, and the long-winged 
paucidentate strains of A. maculipennis (prevalent in the malarious and 
pnon-malarious regions respectively) to differ in certain biological 


TABLE N®, 1. 
Analysis of the contents of the stomach A. maculipennis. 


Percentage of females showing the precipitin 
INumbertecamined reaction with serum against : 
Period of Human blood Animal blood 3) 
investigation | 
malarious noes malarious ond malarious ey 
Pate a malarious Series malarions ; malarious 
oe regions se regions han regions 
A. In human habitations 
March — April 39 19 5 % 26 %g 95 O/, 75 Vg 
June Ist — July 22sd 202 125 SL. 66%; 19h She 63 
July 234 1) — Aug. 15th 147 164 5) G4a Dae 565, 
Sept. Ist — ‘Nov. 234 173 == 4) ah aan _ 46, — 
Total 561 308 71 % 63 % | 29 0% 37 % 
B. In stables 
Total || 126 301 2% | 0.3%) | 98 % | 99.7 %/p 


1) Date on which Anopheles with hypertrophic adipose body appeared for the first time 
in non-malarious regions. About the same time the steep annual rise of the anopheline 
incidence sets in. 

2) None examined, because in non-malarious regions Anopheles in houses do no longer 
feed in autumn. 

3) Including: Pigs, horses, cattle, sheep and negative reactions with freshly ingested (red) 
blood. Negative reactions with black blood have been discarded. Excluding all negative 
reactions, the percentages of engorged females with human blood, during the four periods 
mentioned above, become: 8 /p, 83%, 989g and 66 °/ for the malarious regions; 42 %/o, 
70 9/9, 68 9/9 for the non-malarious regions. 
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characters, These characters prevent transmission in non-malarious regions, 
during the period of sexual inactivity of Anopheles (September-March), 
whereas they greatly favour it in malarious regions. But the evidence 
is insufficient to prove the inferiority, as a carrier during the height of 
the malarial season (May, June), of the strain prevalent in non-malarious 
regions. We expected the determination of the kind of food, used 
by the females of both strains, to supply us with the missing evidence, 
by showing that Anopheles in non-malarious regions rarely contain human 
blood in houses, whereas they commonly do so in malarious regions. 


3. Evidence supplied by precipitin test. Table N°. 1 is far from ful- 
filling these expectations, even during the most favourable period (August). 
Considering that MIssiROLI and HACKETT (1927) found (in summer) 44 % 
of engorged A. maculipennis, in houses, to contain human blood in malarious 
regions and 23 % in non-malarious ones (a ratio of 1.9: 1), our figures of 
95 % in the former and 64 % in the latter are not only unexpectedly high 1), 
but their difference (ratio of 1.5: 1) is much less conspicuous. 

The difference however, becomes well-marked (Table N°. 2) by taking 


TABLE N°. 2. 


Number of female Anopheles, containing human blood, found in each house. 


Domestic incidence !) 


Domestic Human Effective 
blood-rate 2) | blood-rate 3) |) incidence 4) 


Period of i 3 Z| 

: non-malarious | ,, } & aon 
Se, malarious regions : FE oy Sern He alleest a 3 on 
investigation regions og o 8 og oa og 
ol ee | eo] wel ee 
ae| eo jas) Foliage 
| total | females | total | females} g§ * g gE" | ¢ pitches! 

qi a 


March — April | 7.0 | 7.0 1 1358. f 13.80 380Qi> 48 F290) a 
June Ist July 220d] 4.0 | 2.6 | 3.7 | 2.9 | 60, | 34.) 49. | 22. |\[1.27 
July 234 — Aug, 31et]] 13.7 | 11.3 | 9.9 | 8.6 |58,| 27.1] 55. | 17., |l[e.21 
Sept. 1st — Nov. 234] 23 23 70 70 ti, \008,/\ 62 bo Nimes 


U : I 


non-malarious 
regions 


ol|lo 
ati 
PS es 


nN 
fon) 


i 


1) ie. the average number of Anopheles per house, based on the examination of 1022 
houses with 13245 anoph. 

2) ie. the percentage of female Anopheles in houses, containing blood of any kind. 

3) ie, the percentage of female Anopheles in houses, containing human blood. 

4) ice, the average number of females per house, containing human blood. 


account of the domestic blood-rate and the domestic incidence (females). 
The former allows of an estimation of the percentage containing human 


1) In houses of malarious regions KING and BULL (1923) observed a maximum of 
55% (A. quadrimaculatus) ; IVANIC (1926): 49% (A. maculipennis) ; DAVIS and 
SHANNON (1928): 48% (A. pseudopunctipennis) ; KLIGLER and LIEBMAN (1928) : 
69 % (A. elutus, sergenti, pseudopictus). But WALCH and SARDJITO (1928) record higher 
figures (100%) in A. umbrosus and A. bancrofti var. pseudobarbirostris. 
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blood, among all females found in houses (human blood-rate) ; the latter 
supplies information on the average number per house of females carrying 
human blood (effective incidence). 


4. Seasonal variation : 

a. late summer. In July and August the domestic blood-rate is more 
than twice1), the domestic incidence (females) 1.3 times as high in 
malarious as in non-malarious regions, and so the human blood-rate in the 
former (55 %) and the latter (17 %) are widely divergent (ratio of 3.2: 1). 
So is the effective incidence, which amounts to 6 in malarious and 1.5 in — 
non-malarious areas (ratio of 4:1). 

b. early summer. But in June and the first half of July the difference 
is much less marked, because at that time the domestic incidence (females) 
does not differ at all in both regions. This causes a decrease to 2.2 and 2.0 
of the ratios between the human-blood-rates and between the effective 
incidences in malarious and non-malarious regions. 

Consequently the differences between the Anopheles of these regions are 
best marked in late summer, when the malarial incidence is already 
decreasing, and much less so in June, when this incidence is at its highest 
point or only just beyond it. 

c. autumn. During the autumn a comparison of this kind is not possible, 
because Anopheles in non-malarious regions do not feed. The domestic 
incidence (females) in malarious areas is higher than in August; never- 
theless the effective incidence is much reduced, owing to the decrease of the 
domestic blood-rate and the comparatively low percentage of engorged 
females with human blood (54 %, against 95 % in August). And still, this 
is the season infected Anopheles are most numerous, i.e. when the contact 
between mosquito and man is most intimate. 


5. Length of wing of Anopheles with human and animal blood. During 
the months of June-August, the length of the wing was 4.963 mm, in 291 
specimens of Anopheles with a human blood-rate of 49 % in June and 55 % 
in August. It was 5.256 mm. in 292 specimens with a human blood-rate of 
22 % in June and 17 % in August, In both groups the Anopheles with 
human blood were shorter winged than those containing animal blood, viz. 
4.721 and 5.087 mm. in the first group; 5.212 and 5.296 mm. in the second 
group; 5.046 and 5.256 mm. in both combined. 

Quite apart from the interpretation of these morphological differences, 
the fact that females, having fed on human blood are shorter winged than 
the others, suggests that some obstacle exists, preventing these groups of 
Anopheles from mixing freely. 


1) This is partly due to Anopheles in non-malarious regions showing the first 
symptoms of hibernation at the end of July, by a hypertrophy of the adipose body among 
certain individuals (about 21%), which do no longer take blood. If they are discarded 
when establishing the human blood-rate, this rate increases from 17% to 22%, i.e. to 
the figure observed in June. 
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TABLE N®. 3. 
Comparison of the human blood-rate!) and the effective incidence 2) 


in groups of houses with numerous and little Anopheles. 
um 


Malarious regions Non-malarious regions 
June— August June—August 
Specified observations 34 houses 18 houses 27 houses 27 houses 
with less than | with more than | with less than | with more than 
12 Anopheles | 11 Anopheles | 12 Anopheles | 11 Anopheles 
per house per house per house per house 
2 ee Se ee ee 
Relative number of males | 15.09, 31.0% 9.0% 17.0 %p 
| 
Domestic incidence, total 30) 5,, BY) A9) Hh AnTh te Shin, 
m , females | 2260, SaaON 43315 335.0 
»  blood-rate | THAW 9 56n08 60.0 ,, BORO 
|) 
Human blood-rate !) 87300, 49.0 ., SOM ALO 
Effective incidence 2) ACs WO) DN Ae 5 Sis, 


1) Percentage of females in houses containing human blood. 
2) Average number per house of females with human blood. 


6. Inverse relation between domestic incidence and human blood-rate. 
By arranging the houses examined according to the number of Anopheles 
in each one, and collecting them in lots of 20 each, the percentage of 
engorged females containing human blood was found to be 87—100 % 
in the lots with less than 12 and 70—76 % in those with more than 11 
Anopheles per house. Accordingly, the material collected in summer was 
rearranged with regard to the houses containing less than 12 or more than 
11 Anopheles, From this arrangement four groups resulted and the human 
blood-rate was made out for each of them, as shown in table N°. 3. 

The result confirms KING and BULL’s (1923) observation that an inverse 
relation exists between the abundance of Anopheles inside houses and the 
proportion feeding on man (human bloodrate). But,-moreover, we observe 
a marked difference between malarious and non-malarious regions, the 
phenomenon in the latter being the more distinct: the ratio between the 
human blood-rate cainciding with a domestic incidence (females) of 3—4, 
and that accompanied by a domestic incidence of 33—35, being 1.5: 1 in 
malarious and 3.0: 1 in non-malarious regions. In houses with the lower 
domestic incidence, the effective incidence is almost the same in malarious 
(1.9) and non-malarious (2.2) regions. But in those with the higher one the 
effective incidence in the former regions (17) is the threefold of that in 
the latter (5.8). Consequently, the epidemiological significance of houses 
with numerous Anopheles in malarious regions is far superior to that in 
the others, where the houses evidently serve to a larger extent as simple 
shelters for unfed or animal-fed mosquitoes. 


WET 


Still, the importance of this difference should not be overrated as it 
holds for the 2nd half of July and August only, houses with numerous 
Anopheles being rare in June and the 1st half of July. 


7. Influence of the degree of digestion of the blood. The blood in 
the mosquito’s stomach shows various stages of digestion, which naturally 
segregate into two principal groups. In the first one only little blood is 
left; it is either completely black or mixed with a little red, In the second 
the full stomach distends the abdomen, the blood-clot is wholly or 
largely red. 

In houses within the malarious regions, the percentage of engorged 
females with human blood (excluding all negative reactions), is almost 
equal in both groups (87 % and 90 %), showing that only very few leave 
the house, where they took their meal, before digestion is well advanced. 
In non-malarious regions this percentage is higher among the recently fed 
ones than among those with black blood (84 % and 60 %), showing that 
many of them leave before digestion is over. 

If we had chanced to examine females with recently ingested blood only, 
we would have failed to detect the full extent of the difference in the 
human blood-rate of Anopheles from malarious and non-malarious regions. 


TABLE N°. 4. 


A comparison of the principal data recorded in Table 1 and 2, with similar 
observations in Italy (MISSIROLI and HACKETT, 1927). 


Netherlands Ttaly 
July 234—Aug. 15th July—Sept. 
Specified observations ppopne cs acc ulipeanis 
malarious ere malarious gases 
regions pea Ons regions ae 

regions regions 
Domestic incidence-females (average number of 

female Anopheles per house) PSS 8.6 46.0 9.6 
Domestic incidence-total (average number of 

Anopheles per house) 135 7 9.9 48.0 hal 

Domestic blood-rate (percentage engorged ; 

females in houses) 58 2% 27 % 43 9/ 28 %/ 
Human blood-rate (percentage females with 

human blood in houses) Dye he Vie 19) 6 » 
Effective incidence (average number per house 

of females containing human blood) 6.2 th 8.8 0.8 
Stabular incidence-total (average number of 

Anopheles per stable) 2472 936 122 849 
Stabular attraction (ratio between total stabular 

and domestic incidence) 180 94 a5 70 

50 
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Hence we conclude that the differences observed are less dependent on 
preferential feeding habits than on a more or less prolonged resting-stage 
after each meal. The contents of the preceding paragraph lends support to 
an analogous conclusion, as it shows that our results would have been quite 
different, if we had examined nothing but houses with a scanty anopheline 


population. 


8. Comparison of conditions in Italy and the Netherlands. Table 4 compares our 
observations with similar ones in Italy as recorded by MISSIROLI and HACKETT (1927). 

a. Malarious regions. The domestic and stabular incidence offer the most striking 
differences. In Italy the former is the fourfold of that in our country, whereas the latter 
in the Netherlands is about 200 times as high as in Italy. Hence, the stabular attraction 
in the former country even surpasses that of the non-malarious areas in the latter. The 
considerable superiority in domestic incidence is, however, largely compensated by the 
human blood-rate in the Netherlands being near the threefold of that in Italy. As a 
consequence, the effective incidences in the two countries differ much less (6 and 9) 


than might have been expected. 

b. Non-malarious regions. The comparison of these regions in Italy and the Nether- 
lands reveals a marked similarity, disturbed only by the lower human blood-rate in the 
former. It is noteworthy that the stabular attraction in both, although 28—36 times as 
great as in the malarious regions in Italy, is only one half to two fifths of that observed 
in the malarious areas of the Netherlands. 


9. Summary. The differences, mentioned here, between the strains of 
Anopheles in malarious and non-malarious regions may be summarized 
as follows : 

1. Owing to the higher figures, in malarious regions, for: a. the 
domestic blood-rate, b, the percentage of engorged females with human 
blood, c. the domestic incidence, the human blood-rate of malarious regions 
is the treble and their effective incidence the fourfold of that in non- 
malarious areas, during the 2nd half of July and in August. 

2. These differences vary considerably in extent, according to the 
season, being well-marked in late summer only, much less so, or even 
absent, in early summer. ' ; 

3. In autumn (at the time of the highest incidence of infected Anopheles 
in houses) the effective incidence in malarious regions sinks to a level it 
attained in June, owing to the considerable increase of the animal 
blood-rate. 

4. These differences are most marked when comparing the records of 
houses with a numerous anopheline population. 


5. Among other factors, responsible for their existence, one is operative in malarious 
regions by keeping the majority of the females within the houses until the digestion of 
the blood is far advanced, whereas in non-malarious areas many of them leave at aa 
earlier moment. Another one acts by the precocious development of the adipose body of 
Anopheles in non-malarious regions reducing the domestic blood-rate. Whether true 
preferential feeding habits enter among these factors cannot be infered from the contents 
of this paper. But our feeding experiments (1927—1928) suggest the existence of such 
preferences for human or animal blood. Another fact pointing in the same direction is 
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the inverse relation between the domestic and the stabular blood-rates in malarious and 
non-malarious regions. In respect of the former we have seen already that the malarious 
regions are in the advantage (60% against 34%; both in early summer) ; with regard 
to the latter the non-malarious regions are, although in a slight degree (85% against 
_77%,; both in early summer). 


10. Conclusion. If the acme of the malarial season occurred in late 
summer (as it actually did in former times), the differences, summarized 
here, might be admitted as an explanation of anophelism without malaria in 
the Netherlands. But, at present, the malarial incidence attains its annual. 
maximum during a period, when these differences are of little consequence. 
So, we fail to perceive how they can affect, to any appreciable extent, the 
epidemiology of malaria in this country. 

At best, the conditions obtaining in malarious areas (late summer) might 
counteract, to some extent, the powerful stabular attraction, maintaining, 
in this way, a limited stock of parasite carriers, to fill the gap between 
the top of the annual epidemic in early summer and the time Anopheles 
are in the best position to transmit malaria (i.e. in autumn), But, as 
autumnal transmission by the strain of Anopheles in non-malarious regions 
is impossible anyhow, this does not help us to prove the inferiority of this 
strain to transmit malaria during the period of its highest incidence. 

Consequently, the existence of this inferiority cannot be upheld. The 
strain of Anopheles in non-malarious regions is as likely to act as a vector 
during the malarial season as the one prevalent in malarious areas. The 
obvious fact that the former is not operative in this way, implies that the 
latter can be neither. There is no transmission during the malarial season 
but only after it: perhaps in late summer, at any rate in autumn. 
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Neurologie. — Ein Fall von rechtsseitiger zerebraler Atrophie, kombiniert 

mit links-seitiger zerebraler Atrophie. Won Dr. A. P. TIMMER. 

(Aus dem Laboratorium der Provinzial-Heilanstalt bei Santpoort, 
Holland.) (Communicated by Prof. B. BROUWER.) 


(Communicated at the meeting of June 29, 1929). 


Das hier besprochene Zerebrum entstammt einem Manne, der 1927 in 
68 jahrigem Alter in der Provinzial-Heilanstalt bei Santpoort starb. 
Beziiglich der Familie des Kranken lassen sich keine Besonderheiten mit- 
teilen; Patient selber war bis zum Auftreten der nachstehend zu bespre- 
chenden Krankheitserscheinungen gesund, ist laut seiner Aussage nie 
venerisch infiziert und die Wassermann-Reaktion, im Blut war negativ. 
Lumbalpunktion ist nicht ausgefiihrt. Er rauchte wenig, priemte viel und 
trank stark. 

1912 schlug dem Patienten eine Kette gegen den Kopf, wodurch eine 
stark blutende Schadelwunde entstand ; er ging jedoch zu Fusz nach dem 
Krankenhaus, wo die Wunde genaht wurde. Die Heilung verlief flott. 

Zwei Jahre nach diesem Unfall stellten sich beim Patienten kleine 
Anfalle von Ohrensausen und Schwindel ein; alles drehte sich ihm vor 
Augen und oft viel er zu Boden. Eine Zeitlang danach traten auch 
Zuckungen in Armen und Beinen auf, seiner Angabe nach am meisten 
links, spater gesellten sich diesen auch solche im Gesicht hinzu. Die Schwin- 
delanfalle und Zuckungen wurden allmahlich frequenter und heftiger, bis 
1921 formliche epileptische Insulte, mit tiberwiegend links-, zuweilen auch 
rechtsseitigen Zuckungen auftraten. Schlieszlich stellten sich Zustande von 
Status epilepticus ein. Im Laufe der Jahre trat nun immer deutlicher das 
Bild eines organischen. Hirnleidens zutage und wahrend die Insulte regel- 
maszig immer wieder auftraten, die stets in der linken Hand einsetzten, 
entwickelte sich allmahlich eine linksseitige Hemiplegie die in Wesen nicht 
viel von dem Bilde abwich, das wir nach einer Apoplexie zu sehen pflegen. 
Es bestanden gleichzeitig an der linken Kérperseite Gefiithlsstérungen fiir 
alle Qualitaten mit Astereognosie, Diskriminationsstérung und Stérungen 
im tiefen Gefithl. Die Zerebellarfunktionen lieszen keine Abweichungen 
erkennen, wobei zu beriicksichtigen ist, dasz die linke Kleinhirnhemisphare 
sich wegen der bestehenden Hemiplegie nicht zur Untersuchung eignete. 

Patient wurde schlieszlich psychotisch, muszte in die Provinzial-Heilan- 
stalt iiberfiihrt werden, zeigte dort ein klinisches Bild, welches die Mitte 
hielt zwischen einer Dementia senilis und einem deliranten Zustand, und 
erlag schlieszlich einer Bronchopneumonie. 


Die Obduktion wurde 5 Stunden nach dem Tode vorgenommen. Man 
fand eine kérnige Schrumpfniere und maszige Arteriosklerose an den 
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Arterien. Das Gehirn wog 1080 Gramm. Die rechte Groszhirnhemisphare 
war deutlich kleiner als die linke, insbesondere zeigten sich Einsenkungen 
iiber der Frontal- und Parietalgegend. Die Pia war leicht verdickt und 
triibe, namentlich iiber der rechten Hemisphare ; die Gefasze an der Basis 
arteriosklerotisch. Am Zerebellum war die linke Hemisphare deutlich 
kleiner als die rechte. Beim Losschneiden des Hirnstammes vom Groszhirn 
zeigt sich, dasz der rechte Pedunculus und in geringerem Grade auch das 
rechte Tegmentum kleiner sind als diejenigen an der linken Seite. 

Das Groszhirn wird in Schnitte zerlegt. Einige derselben werden in 
Zelloidin eingebettet und je nach der vorangegangenen Hartung nach 
Niss_ und WEIGERT-PAL gefarbt. Gleichzeitig werden kleine Stiickchen 
histologisch untersucht, speziell nach BIELSCHOWSKY und FIEANDT. Es 
ergibt sich nun folgender Befund: Die linke Hemisphare ist normal zu 
nennen. Es besteht nur eine leichte Arteriosklerose der kleinen Gefasze 
und eine geringe Anhaufung von Abbauzellen um die Gefasze. Luetische 
Abweichungen waren im Gehirn nicht zu finden. 

Die rechte Groszhirnhemisphare weist eine starke Atrophie auf, am 
starksten im Gebiet des Frontalhirns, etwas weniger stark iiber den Tem- 
porallappen, aber auch dort noch sehr erheblich ; die HESCHL’sche Win- 
dung ist fast ganz verschwunden. Die Zentralwindungen sind auch stark 
atrophisch. In den Parietallappen findet sich eine Blutcyste in Grésze eines 
Taubeneies. Es ist eine Héhle, in der noch ziemlich viele Abbauzellen 
liegen; rings um die Cyste wird Bindegewebsbildung und eine starke 
Eisenreaktion angetroffen. Die Atrophie ist in den Okzipitallappen nur 
gering ; es ist kaum ein Unterschied zwischen links und rechts erkennbar. 
Bei mikroskopischer Betrachtung zeigt sich, dasz keine Entziindungsreak- 
tion vorliegt, kein Bindegewebe, keine Gliawucherung. Auch laszt sich in 
bezug auf die Gefasze kein Unterschied zwischen links und rechts erkennen. 
Die Ganglienzellen sind atropisch ; sie sind weniger stark und mehr diffus 
gefarbt als links und auch etwas geschrumpft. Die Hirnwindungen sind 
durch diese Atrophie schmaler geworden, die Furchen weiter. Die Ven- 
trikel sind durch die Atrophie ebenfalls weiter geworden als an der 
anderen Seite, am meisten dort, wo die Atrophie am starksten ist. Das 
Mark der rechten Hemisphare weist auch eine starke Atrophie auf ; 
dieselbe halt gleichen Schritt mit derjenigen der Rinde; auch hier trifft 
man keine Entziindungserscheinungen an. Der Hirnbalken ist rechts schmal 
und ausgezogen, die Oberflache der Ventrikel ist kérnig, die Gefasze bilden 
Kamme unter dem Ependym; im Plexus chorioideus lassen sich keine 
Veranderungen nachweisen. 

Das Corpus striatum laszt keine Veranderungen erkennen. 

Die Capsula interna ist infolge des Zugrundegehens vieler Fasern rechts 
schméler als links. 

Der Thalamus ist rechts stark atrophisch ; nur hier und dort sieht man 
Gruppen von Nervenzellen. Das Lokalisieren dieser Zellgruppen ist 
auszerst schwierig, da der Thalamus infolge der Atrophie eine sehr anor- 
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male Lage hat. Das Corpus geniculatum mediale ist stark atrophisch ; es 
laszt sich keine‘ einzige Nervenzelle mehr erkennen; dagegen ist das 
Corpus geniculatem externum noch ganz oder ziemlich ganz intakt. Die 
Ursache wird wohl darin zu suchen sein, dasz das Corpus geniculatum 
externum seine Fasern zum intakten Okzipetallappen entsendet, das Corpus 
geniculatum internum zum atrophischen Temporallappen. Auch die Atrophie 
des Thalamus wird wohl von diesem Gesichtspunkt aus zu erklaren sein. 

Der Nucleus ruber ist rechts kleiner als links ; eine genaue Untersuchung 
war nicht méglich, da hier der Hirnstiel durchschnitten war. 

Das Kleinhirn weist héchst wesentliche Abweichungen auf. Die Vermis 
und die rechte Hemisphare sind normal; dagegen zeigt sich in der linken 
Hemisphare eine starke Atrophie. Es sind die Purkinjezellen, welche in der 
ganzen Hemisphare, bis auf einige Gebiete, ganz verschwunden sind, Das 
Gebiet der Vermis, in welchem die Purkinjezellen noch intakt sind, laszt sich 
haarscharf von der Hemisphare trennen, welche keine einzige Purkinjezelle 
mehr besitzt. Im Lobus quadrangularis findet sich keine einzige Purkinje- 
zelle mehr, im Lobus semilunaris superior ebensowenig; erst im Lobus 
semilunaris inferior sieht man hier und dort einige Purkinjezellen erhalten, 
bis man im Lobus biventer grosze Gebiete findet, wo die Purkinjezellen 
noch vorhanden sind. In der Tonsilla werden nur wenige Purkinjezellen 
angetroffen. Die in der linken Hemisphare noch anwesenden Purkinje- 
zellen sind noch sehr gut erhalten; von Atrophie ist keine Rede und 
Gebiete, welche frei von Purkinjezellen sind, gehen plétzlich in solche iiber, 
wo genannte Zellen vollkommen konserviert liegen. cin. 

Auch die iibrigen Elemente der linken Kleinhirnhemisphare weisen merk- 
wiirdige Abweichungen auf. Dicht neben der Vermis, im Lobus quadrangu- 
laris, ist die Lamina granularis stark atrophiert; die Kerne liegen viel 
weniger dicht gedrangt als in den intakten Gebieten ; die Lamina molecu- 
laris ist ebenfalls atrophiert, jedoch nicht so deutlich. Die nach VON GIESON 
gefarbten Praparate haben hier eine viel blassere Farbe als in den intakten 
Gebieten. Verfolgt man nun die Praparate vom Lobus quadrangularis durch 
die Lobi semilunares zum Lobus biventer und der Tonsille, dann sieht man, 
dasz allmahlich, ohne scharfe Uebergange, die obengenannten Abweichun- 
gen immer weniger deutlich ausgesprochen werden, sodasz im Lobus biventer 
und der Tonsille so gut wie keine Abweichungen obengenannter Art mehr 
zu finden, sind. Auch makroskopisch ist schon die allmahliche Abnahme der 
Atrophie in der genannten Reihenfolge sichtbar. 

Der Nucleus dentatus war an der linken Seite makroskopisch kieiner als 
an der rechten. Mikroskopisch wies der nahe dem Hirnstamm gelegene Teil 
keine Veranderungen auf; der iibrige Teil dagegen sehr starke. Eine grosze 
Anzahl Fasern rings um den Kern und in demselben war verschwunden, 
sodasz in dem Faserpraparat das Gebiet des Neucleus dentatus sehr blasz 
war. Die Ganglienzellen waren nicht viel verandert ; vielleicht bestand eine 
leichte Atrophie ; deutlich war diese jedoch nicht und ein bestimmtes atro- 
phisches Gebiet liesz sich noch viel weniger abgrenzen. 
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A. P. TIMMER: EIN FALL VON RECHTSSEITIGER ZEREBRALER ATROPHIE, 
KOMBINIERT MIT LINKS-SEITIGER ZEREBRALER ATROPHIE. 


Fig. 1. 
Gebirn: Frontalschnitt Frontallappe. Rechter Hemisphare atrophisch. 


te 


Rige 25 
Gehirn: Frontalschnitt Frontallappe. Rechter Hemisphare atrophisch. Recht 
Ventrikel erweitert. 
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A. P. TIMMER: EIN FALL VON RECHTSSEITIGER ZEREBRALER ATROPHIE, 
KOMBINIERT MIT LINKS-SEITIGER ZEREBRALER ATROPHIE. 


Figs: 
Gehirn: Frontalschnitt. Auf der HGhe der Cyste starke Atrophie der rechten 
Hemisphare met Erweiterung der Ventrikel. 


Proceedings Royal Acad. Amsterdam. Vol. XXXII. 1929. 
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In dem Pons und der Medulla oblongata sind die Kerne der Hirnnerven 
intakt, ebenso wie die Zellen im Pons, die ihre Auslaufer zum Kleinhirn 
entsenden. Auch der Nucleus arcuatus laszt keine Abweichungen erkennen. 
Von vorgenannten Gebieten standen uns nur nach WEIGERT-PAL gefarbte 
Schnitte zur Verfiigung, von der unteren Olive dagegen auch Nissl-Schnitte. 
In letzteren, welche nur der Mitte der Olive entnommen waren, war eine 
starke Zellatrophie der rechten Hauptolive sichtbar, wahrend die 
Nebenoliven vollkommen intakt waren. Die Faserpraparate des Pons und 
der Medulla oblongata lieszen erkennen, dasz die quer zum Hirnstamm 
verlaufenden Fasern ganzlich oder nahezu ganz intakt, die in der Richtung 
des Hirnstieles verlaufenden Fasern an der rechten Seite dagegen alle 
stark atrophisch waren; die atrophischen Faserbiindel waren heller gefarbt 
und die Markscheiden lagen weniger gedrangt zusammen. Nirgends lieszen 
sich indessen Gebiete feststellen, wo alle Fasern véllig verschwunden waren. 

Im Riickenmark zeigten sich keine Abweichungen, abgesehen von einigen, 
die sich von den oben beschriebenen herleiten lieszen. 


Ueberblicken wir die im Vorstehenden mitgeteilten Befunde, so laszt sich 
zunachst feststellen, dasz beim Patienten durch Anprall einer schweren 
Kette eine Kopfwunde entstand, dasz 2 Jahre spater Anfalle auftraten, die 
sich allmahlich zu Jackson’schen Anfallen entwickelten, welche in der 
linken Hand einsetzten, und dasz bei der Obduktion rechts parietal eine 
Blutcyste gefunden wurde. Es liegt auf der Hand, diese Dinge in ursach- 
lichen Zusammenhang miteinander zu bringen. 

Schwieriger ist es, einen Zusammenhang zwischen obengenannten 
Erscheinungen und der zerebro-zerebellaren Atrophie nachzuweisen ; 
indessen m6dgen nachstehende Argumente fiir eine solche Beziehung 
sprechen, und zwar: 

1. ware das kombinierte gleichzeitige Vorkommen solcher Abweichungen 
ohne Zusammenhang wohl ein sehr zufalliges ; 

2. ist 1910 in der Zeitschr. f. d. ges. Neur. u. Psych. von POTZL u. 
SCHULLER ein ahnlicher Fall veréffentlicht. Letzterer betraf einen Kranken, 
der ebenso wie der hier besprochene Patient, starker Alkoholiker war, in 
einem Status epilepticus sukkombierte und bei der Obduktion ein auf das 
Groszhirn driickendes Gumma aufwies anstatt der in dem hier beschrie- 
benen Fall bestehenden Blutcyste. Auch in diesem Fall bestand eine 
Atrophie der Groszhirnhemisphare, auf welche das Gumma gedriickt hatte, 
kombiniert mit einer Atrophie der gekreuzten Kleinhirnhemisphare. 

Das Entstehen der Abweichungen wiirde sich am besten folgenderweise 
erklaren lassen : 

Der Patient, dessen Gehirn und namentlich Kleinhirn durch Alkohol 
geschwacht sind, bekommt eine Hirnverletzung, welche die Entwicklung 
einer Hirncyste nach sich zieht. Als Folge hiervon treten nach einiger Zeit 
epileptische Insulte auf. Bei diesen Insulten gehen starke Reize langs den 
efferenten Bahnen aus der Hirnrinde nach den niedriger gelegenen Gebieten 
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und also auch nach dem Kleinhirn entlang den zerebro-pontinen Bahnen. 
Die auf diese Weise gereizten Kleinhirngebiete gehen zugrunde, zunachst 
die Purkinjezellen, welche schadlichen Hinfliissen gegeniiber am empfind- 
lichsten sind, und danach auch die anderen Elemente des Kleinhirns. Falls 
diese Annahme richtig ist, so ergibt sich daraus, dasz die eine Hemisphare 
des Groszhirns mit einem Gebiete der kontralateralen Hemisphare des 
Kleinhirns in Verbindung steht, welches haarscharf von demjenigen 
getrennt ist, welches keine Reize aus obengenanntem Gebiet empfangt. Die 
Grenze ist namentlich im Lobus quadrangularis deutlich und ziemlich der 
Uebergangslinie von Vermis und Hemisphare gleich (in dem vorliegenden 
Fall schien das atrophische Gebiet etwas auf den Wurm iiberzugreifen). 
Natiirlich ist hiermit nicht bewiesen, dasz das atrophische Gebiet aus- 
schlieszlich Reize aus der bewuszten Groszhirnhemisphare erhAlt. 

Es erhebt sich ferner die Frage, wie es kommt, dasz sich im Lobus 
biventer und weniger stark im umliegenden Gebiet noch Purkinjezellen 
finden. Die Hypothese, dasz diese Zellen etwas widerstandsfahiger gewe- 
sen sind und wenn der Patient etwas langer gelebt hatte, auch zugrunde- 
gegangen waren, ist nicht wahrscheinlich. Denn in diesem Fall miiszte man 
doch atrophische Purkinjezellen finden und dem ist nicht so; im Gegenteil, 
die itbriggebliebenen Purkinjezellen sind noch vollkommen intakt. Eine 
zweite Hypothese ist die, dasz die intakten Purkinjezellen mit nicht 
atrophischen Gebieten des Zentralnervensystems in Verbindung stehen. 
Die Annahme, dasz die Gebiete der intakten Purkinjezellen keine Impulse 
aus dem Groszhirn empfangen, steht zu anderen Untersuchungen im 
Widerspruch; das Verbindungsgebiet musz also wohl im Groszhirn 
gesucht werden und insbesondere in der kontralateralen Hemisphare. Nun 
ist von der kontralateralen Hemisphare der Okzipetallappen am wenigsten 
und der Frontallappen am meisten atrophisch; dieser Unterschied in 
Atrophie ist jedoch nur graduell und kein einziges Gebiet ist ganz atrophisch 
und kein einziges ist véllig frei von Atrophie. Also auch mit dieser Hypo- 
these, wenngleich dieselbe auch nicht ganz zu verwerfen ist, gelangen wir 
nicht zu einer befriedigenden Lésung. Eine dritte Méglichkeit ist folgende : 

Das Hemispharengebiet des Lobus quadrangularis ist alter als das 
andere, wie aus der friiheren Myelinisierung desselben erhellt. Auch 
prominiert dieses Gebiet weniger iitber die Vermis als die spater myelini- 
sierenden Gebiete der Hemisphare; es ist also vielleicht weniger stark 
entwickelt als die itbrige Hemisphare. Es ware mithin méglich, dasz die 
physiologische Funktion der Hemisphare des Lobus quadrangularis primi- 
tiver ist als diejenige der iibrigen Hemisphare und intensivere, aber weniger 
fein differenzierte Reize zu verarbeiten hat. Bei den epileptischen Insulten 
kommt es ausschlieszlich auf die Intensitat an und wird die Hemisphare des 
Lobus quadrangularis am starksten in Anspruch genommen. Auf diese 
Weise ware es erklarlich, dasz, wie die nach VON GIESON gefarbten 
Praparate erkennen lassen, die Atrophie vom Lobus quadrangularis durch 
die Lobi semilunares zum Lobus biventer und zur Tonsille hin allmahlich 
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Fig. 6. 
Kleinhirn: Durchschnitten I und II von Fig. 4. Linker Hemisphare und Nucleus 
dentatus atrophisch. 
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Big. 7. 
Kleinhirn: Schnitt durch das Kleinhirn. WEIGERT—PAL. Linker Hemisphare atrophisch. 


Fig. 8. 


Kleinhirn: Rechtsseitiger Gyrus quadrangularis. Starke Atrophie der Lamina granularis. 
Kernausfall in der Lamina granularis Purkinjezellen véllig verschwunden. 


Proceedings Royal Acad. Amsterdam. Vol. XXXII. 1929. 
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abnimmt. Weshalb die Purkinjezellen in Gruppen angeordnet sind, bedarf 
noch einer Erklarung, welche jedoch sehr schwer zu geben ist; es musz 
hierbei beriicksicht werden, dasz wir uns hier im Gebiet des Paraflokkulus 
befinden, tiber dessen Umfang beim Menschen noch nicht das letzte Wort 
gesprochen ist. 

Dasz das Gebiet des Lobus biventer und der Tonsille auch in anderen 
Fallen ein besonderes Verhalten aufweisen kénnen, zeigt sich aus einem 
von MENZEL veréffentlichten Fall (Arch. f. Psych. Bd. 22, 1891), wo 
ebenfalls das vorgenannte Gebiet des Zerebellums weniger atrophiert war. 
als das iibrige, und aus des Dissertation KOSTER’s 1), in welcher zwei Falle 
von Agenesie des Neozerebellums behandelt werden, die auch wieder eine 
sehr starke Atrophie der Hemisphare des Lobus quadrangularis und eine 
geringere des Lobus biventer und der Tonsille aufwiesen. 

Schlieszlich bleibt noch die Erscheinung zu erklaren, dasz der Frontal- 
lappen des Groszhirns so stark atrophiert war. Durch das Schadeltrauma, 
das auf den Parietallappen eingewirkt hat, laszt sich dies nicht ohne 
weiteres erklaren. Vielleicht gibt die bereits oben erwdhnte Mitteilung 
POTZL's und SCHULLER’s2) uns einen Fingerzeig in die gute Richtung; aber 
es bleibt eine Hypothese. Vorgeannte Forscher fanden bei dem von ihnen 
untersuchten Fall ein starkes 6dem der atrophischen Hirngebiete. Sie 
erklaren dieses 6dem durch den Alkoholmiszbrauch, sowie die hinzukom- 
menden epileptischen Insulte nebst der Raumbeschrankung im Schadel 
durch das Gumma. Méglicherweise ist dies auch in dem hier beschriebenen 
Fall die Ursache der Atrophie des Frontallappens. Letzterer hat als der 
jiingste und somit verletzbarste Hirnteil am meisten Schaden erlitten. Der 
Umstand, dasz hier kein 6dem vorlag, beweist noch nicht, dasz die Hypo- 
these falsch war; denn in dem anderen Fall starb der Patient wahrend 
eines Status epilepticus, in dem unsrigen nicht. Raumbeschrankung im 
Schadel wurde hier nicht festgestellt ; wohl war der Schadel etwas unregel- 
maszig geformt und die atrophische Hemisphare des Zerebellums lag in 
einem grészeren Raum als die nicht atrophische. Von einer alten Fraktur- 
linie im Schadel war nichts zu finden. 

Schlieszlich sei noch bemerkt, dasz aus den von der Olive angefertigten 
Praparaten erhellt, dasz, soweit es den Mittelteil betrifft, die Nebenoliven 
mit der Vermis, die Hauptolive mit den Hemispharen korrespondieren. 
Ueber den frontalen und kaudalen Teil der Oliven war kein Aufschlusz 
zu erlangen. 


1) Koster, Acta Psychiatrica et Neurologica 1926. 
2) Zeitschr. f. d. ges. Neur. u. Psych. 1910. 


Anatomy. — An interesting arrangement of fissures in the brain of 
a microcephalic idiot. By C. G. NAGTEGAAL. (Communicated by 
Prof, C. U, ARIENS KapPPERS). 


(Communicated at the meeting of June 29, 1929). 


The cerebrum, here described, is that of a female microcephalic idiot 
from the County Hospital near Santpoort'), where she died at the age 
of 24 from tuberculosis of the lungs and intestines. 

She was 150 cm in length; her weight was at the beginning of her 
illness 34 kg, later on she became very much emaciated. The circum- 
ference of the head was 42 cm. The facial portion of the head was 
large in proportion to the cranial part, the forehead being low and 
flat. The distance from glabella to occipital protuberance was 13 cm., 
measured with the compasses; the bitemporal distance was 10.1 cm., the 
distance from chin-point to nasal root measured 14.1 cm. 

After maceration the calvarium appeared to be very thin and even showed some 
transparent places. No premature ossification of sutures was apparent. The bones partaking 
in the formation of the lambdoid suture are even movable. In profile the skull has the 
Aztek-type. The lower jaw is well-formed and carries a well-developed set of teeth. The 
nasal spine of the upper jaw projects in a marked way. 

In a frontal view the relatively broad facial part of the skull is remarkable. A line 
drawn through the suture between nasal bones and frontal bone cuts off a large segment 
of the orbits, a feature to which H. C. JELGERSMA (1928) has drawn attention. When 
the skull is placed in the German horizontal plane, the upper edge of the foramen 
magnum is visible from behind. The frontal and occipital cranial fossae appear very small. 
The crista galli is strongly developed, and lies deep between the partes orbitales ossis 
frontalis. 


Mentally she was very poorly developed, being able to speak a few 
words only; her motility was unimpaired. Her emotional activity was 
that of a gentle, and docile child. 

Autopsy showed that the dura did not adhear, the c. sp. fluid did not 
show anything abnormal from a quantitative or a qualitative point of 
view. The pia was transparent, and no gross asymmetries were seen. The 
weight of the brain before fixation, with pia and vessels, was 435 grs. 
The greatest length of the brain was 11.2 cm, the largest transverse 
diameter 9 cm. The length-width index of the brain therefore was 84.82, 
being brachencephalic. 

The cerebellum is not entirely covered by the occipital lobe. In pro- 
portion to the cerebrum, it is relatively large (c.f. plate IJ). 

The parietal and temporal lobes appear to be larger than the frontal 


1) Her sister — also a microcephalic idiot — is still living there. 
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and occipital lobes. The temporal poles deviate ventro-caudally, the 
temporal lobes running less oblique, more steep than usually. 
The system of fissures is of a remarkable simplicity (cf. plate I and II). 


Right hemisphere, lateral. 

The Sylvian fossa (FS) runs very steep. Frontally it shows only one 
ramus anterior (b). 

The basal margin of the frontal lobe is indented by a small fissure (a) 
the subfrontal sulcus of KAPPERS. Over this indentation a fissure (c), the . 
frontalis inferior connects with a fissure (d) running parallel with the 
sulcus centralis (CR). This fissure d is the s. praecentralis inferior. 

The inferior frontal sulcus has a ventral branch (f) running in the axis 
of the operculum orbitale (fiss. axialis operc. orbitalis). 

From the spot where the inferior frontal fissure joins the precentral 
another fissure (e) runs in frontal direction: the s. frontalis medius. 

The cortex immediately round this fissure lies much deeper than the 
surrounding cortex. Fissure g parallel with the medial border of the 
frontal lobe doubtlessly is the sulcus frontalis superior. Caudally this 
fissure terminates in a dichotomy parallel with the s. centralis: the 
sulcus praecentralis superior (h). 

The s.centralis (CR) causes a small indentation in the medial margin of 
the hemisphere. From the middle of its course a branch runs in frontal 
direction (e,). This branch may perhaps represent a part of the s. front. 
medius. Behind and parallel with the s. centralis the superior postcentral 
fissure (i) is found, and behind this the s. calloso-marginalis ends ({), 
running for quite a distance on the convexity of the brain (cf. plate I). 

Curving round the top of the fossa Sylvii and then running parallel with 
the medial margin of the hemisphere we find the s. intraparietalis (k) giving 
off an ascending branch (k,). The intraparietal itself terminates after a 
small interruption in a broad and deep fissure (/) that may be considered 
as a s. occipito-transversus, lying as usually behind the lateral extension 
(m) of the fissura parieto-occipitalis. The latter, however, indents the lateral 
surface with another branch (m,) behind the transverse occipital. 

The fiss. calcarina (t) also indents the lateral surface (cf. plate II). 
Near its end appears a small fissure taking a transverse course (n) which 
perhaps is a rest of a s. lunatus. It is connected with the long fissure 
(0) of the temporal lobe, the superior temporal. This connecting part 
(0,) then might be called s. praelunatus. Ventrally to it another fissure 
takes its course, the s. occipitalis inferior (p). 

On the small angular lobe three fissures (0”, q, r), are situated between 
the intraparietal, the f. Sylvii and the superior temporal. The first being 
directly connected with the superior temporal may be the anterior 
occipital sulcus, the others the angular (q), and supraparallel (r) of 
SHELLSHEAR. 

The inferior temporal fissure is represented by three fissurets s’, s’, s’’). 
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Left hemisphere, lateral. 

The orbital margin of the frontal lobe is hardly indented, a subfrontal 
fissure not being so obvious as on the right. The insula is partly uncovered. 
Also on this side the f. Sylvii has only ramus anterior (b). Over this 
ramus anterior f. Sylvii a fissure c runs upward and caudad towards a 
small depression from which a little branch runs still farther caudad. 
This fissure (c) apparently is the s. frontalis inferior. Its ventral end 
continues in what may be called a s. axialis operculi orbitalis (f). 
At the extreme end of the frontal pole a fissure (e) occurs, the course 
of which is more or less continued by the fissurets e’ and e”, connecting 
with the s. preacentralis and the s. centralis respectively. — These 
three fissurets together represent the s. frontalis medius. The region 
round this midfrontal fissure again lies on a lower level than the rest 
of the frontal lobe. The fissure g parallel with the medial margin is the 
superior frontal sulcus, which caudally ends in a small transverse furrow 
(h) the s. praecentralis superior, d and d, representing the inferior prae- 
central sulcus. At the ventro-mesial border of the frontal lobe another 
small transverse furrow appears which | have not identified. 

Caudad to the centralis (CR) the sulcus postcentralis superior (i) takes its 
course, while the long fissure running parallel with the medial margin is the 
intraparietal (k). The latter again gives off a ramus ascendens (k’). Before 
this branch the medial margin (plate II) is indented by the s. callosomar- 
ginalis (j), and behind the same it is crossed by an independent fissure (I) 
the s. occipitalis transversus. From the medial side, the parieto-occi- 
pital again indents the margin of the hemisphere with two branches 
(m and mj). 

Further caudad the calcarina (ft) is just visible on the lateral surface. The 
occipital convolution in front of the calcarine tends to curve over a 
fissure (n) that establishes its anterior border connecting superficially with 
the s. parieto-occipitalis. This fissure may perhaps be regarded as a rest 
of a lunate sulcus. 

The extreme ventral end of this fissure (n) continues in the direction 
of another furrow, with which however it is not connected. This fissure 
(p) may be regarded as an inferior occipital sulcus, giving off a caudal 
branch p;. 

Immediately proximal to this fissure another sulcus (0,) occurs that 
apparently continues in the sulc. temporalis superior (0). 

Parallel with the superior temporal fissure we find the inferior temporal 
sulcus (s) ending caudally on the occipital pole. 

The angular lobe of this side shows a perpendicular furrow (q) that 
should be considered as a descending branch of the intraparietal. The 
superior temporal gives one branch in caudal direction (0’). 


Basis cerebri (plate II). 
The orbital surfaces both have a triangular shape. 
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The temporal poles are very small leaving a large part of the uncus 
uncovered, the latter being well developed. The gyri recti are evident 
on both sides. The orbital fissures are Y-shaped on both sides, the 
opening of the Y being caudad. The s. subfrontalis (a) on the right 
hemisphere is just visible. On the left side this sulcus fails. The colla- 
teralis (v), largely covered by the cerebellum, is well developed. Lateral 
from the latter the occipito-temporalis (w) runs. 


Medial surfaces (plate II). 

For both sides the same general remarks hold true. The corpus callo- . 
sum is plump and short leaving the lamina quadrigemina uncovered. The 
stem-angle is very large (+ 120°), as often in microcephalics (JELGERSMA). 
The fourth ventricle is high, the pons short. The massa intermedia of 
the thalamus is strongly developed. 

The s. calloso-marginalis (j) on both sides indents the medial margin, 
ending (see plate I) on the lateral surface caudad to the level of the 
postcentralis (i). 

Under the parieto-occipital (m and m,) and the calcarine (t) which 
remain separate, thus causing a ventral elongation of the cuneus, two 
more furrows (x and y) are present. X may be considered as as. infra- 
striatus (ELLIOT SMITH). 


* 


Comparing the furrows of the right frontal lobe of this microcephalic 
idiot” with those of Pithecanthropus erectus Dusois, as set forth by 
ARIENS KAppPERS (1928), a certain analogy becomes apparent, chiefly 
due to the system of fissures situated round the single anterior branch 
of the f. Sylvii: 

1°, In both cases only one ramus anterior f. Sylvii occurs (numbered 
2 in Pithecanthropus) ; 

2°. The system, designated f—c—d—e in my specimen, has much 
in common with the complex 3—4—5—6 in Pithecanthropus. In the 
latter, furrow 3 was designated as sulcus axialis operculi orbitalis, 4 as 
frontalis inferior, 5 as s. praecentralis inferior and 6 as a connection 
of the midfrontal with the precentral sulcus. Apparently these furrows 
are represented in a similar form in my microcephalic idiot. 

The continuous furrow 7 and its branches of the ape man, considered 
as frontalis medius, is, however, interrupted in the microcephalic the fron- 
talis medius being divided in two parts, e and e, the latter connected 
with the s. centralis. Similar conditions may occur in the Chimpanzee 
(KAPPERS). 

Whereas in Pithecanthropus the frontalis medius and superior are 
connected by the fissures 7b and 1lc such a connection is lacking in 
the idiot, but on the other hand in both the superior frontal fissure has 
at its caudal end a dichotomy (h in the idiot, lla in Pithecanthropus) 
which represents the praecentralis superior. 
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In both cases also the identation of the basal margin by the s. sub- 
fcontalis is present. (a in the microcephalic; 1 in Pithecanthropus). 

An independent fosset, as designated with 8 in Pithecanthropus, is not 
present in the idiot. 

Also the left frontal lobe of my specimen resembles the right lobe of 
Pithecanthropus. On this side again the f. Sylvii possesses only one 


Right frontal lobes, Pithecanthropus. Left frontal lobes. 


Right frontal lobes. Microcephalic idiot. Left frontal lobes. 


Frontal lobes of Pithecanthropus and microcephalic idiot. 
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anterior branch, arched over by a complicated system of furrows 
f—e—d in the idiot, 3—4—5 in the Pithecanthropus. 

The furrow c of the idiot apparently corresponds with 4, the inferior 
frontal, of Pithecanthropus. In both cases the praecentralis inferior 
(5 and d respectively) has a caudal branch (5b in Pithecanthropus) impo- 
sing in both as a caudal continuation of the frontalis inferior (c in 
the idiot, and 4 in Pithecanthropus). Instead, however, of the continuous 
mid frontal (7) in Pithecanthropus we find three consecutive furrows in 
the idiot, e,e, and e”, the last being a branch of the centralis. Furrow 
g parallel to the medial margin again is apparently analogous with the ~ 
furrow 11, the s. frontalis superior in Pithecanthropus, 


CONCLUSIONS : 


This microcephalic brain is very symmetric and shows the following 
pecularities: a steep Sylvian fossa, steep superior temporal fissure. The 
frontal and temporal poles are short, the insula partly uncovered on the 
the left side. On both sides the s. calloso-marginal indents the lateral 
surface caudad of the s. postcentralis superior. The form of the orbital 
grooves is triradiate. Some of these features are also described by others 
in microcephalic brains, (by ERNST (1909), HiLLy (1906), HULSHOFF PoL 
(1916), C. DE LANGE (1925), MARCHAND (1889), Propst (1904, 1918), 
VAN VALKENBURG (1909, 1918), H. VocT (1905) and looked upon as 
pithecoid in nature. 

In the configuration of the s. frontalis inferior, s. (right) operculi orbi- 
talis (especially on the left hemisphere), s. subfrontalis and praecentralis 
and in the occurrence of a single ram. anterior f Sylvii an obvious 
analogy with Pithecanthropus exists. 

Striking is the atrophied condition of the gyrus frontalis medius which 
is situated on a deeper level than the surrounding pallium. In this con- 
nection I refer to the brain of a microcephalic Javanese girl described 
by C. DE LANGE in which the internal and external granular layers of 
the second frontal gyrus were found to be very poorly developed strongly 
contrasting to the condition of those layers in the neighbouring cortex. 
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Mathematics. — Skew Correlation between Three and More Varia- 
bles, 1. By Prof. M. J. vAN UveN. (Communicated by Prof. A. A. 
NIJLAND). 


(Communicated at the meeting of May 25, 1929). 
I. Skew Correlation between three variables. 


In order to furnish a model for the treatment of skew correlation 
between an arbitrary number (n) of variables, we shall first establish 
the method of treating the case of three variables. We continue the 
method we followed formerly in treating the case of two variables, 
exposed in the paper “Over het bewerken van scheeve correlatie” (“On 
Treating Skew Correlation”) '), recently completed by the paper: “Scheeve 
Correlatie tusschen twee veranderlijken” (“Skew Correlation between 
Two Variables’) ”). 

These papers (the former being distributed over three articles) will be 
designated by the abbreviations S.C.I,a,b,c, S.C. II. 


The three variables may be called x,, x,,x;. For the variable 
Rea 192) 3) ve values; &, (1); &,)(2); 0. . &4 (Kea);.. .«€s (v2) *), are recorded. 
As a rule the interval between two class-centres is constant: &, (k,) — 
— &, (ka — 1) =, (a2 = 1, 2, 3). 

The frequency of the set &, (k;), & (ka), &3(k3;) may be denoted by 
Y (ky, ka, ky). For the total number N of the observed sets ¢,,&, &; we 
have 


N= s SV eis. 2). ee as fe) eee 
f=piKl i= 
Thus the relative frequency (a posteriori probability) of the set 
E, (ky), & (ka), &3 (ks) is 


Y (ky, ka, ks) 
N 


What is properly meant by recording §&, (k.) for x2, is that x, is 


y (ky, ko, ks) = 2, 


1) Versl. K. A. v. W. 34, p. 787 en p. 965; 35, p. 129. (Proceed. K. Ak. v. Wet. 
Amsterdam: Vol. 28, p. 797 and p. 919; Vol. 29, p. 580). 

2) Versl. K. A. v. Ww. (Proceed. K, Ak. v. Wet. Amsterdam, Vol. 32, p. 408) (with 
summary in English), 

3) Using, also further on, the brackets ( ) in denoting the class-numbers, we shall, in 
the following text, designate a functional connexion by { }, eg. tf xt. 


3)! 
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found between &, (ka) 5 and &, (k.) + a Putting 


zi (ke) oe =, (ha) ae te) we te 


so that x, (k.) indicates the upper limit of the class k,, we may describe 
the three-dimensional frequency distribution by the statement: 


For Y(k,,k2,k3) sets x, x2, x3 is found: x2 (ka—1)<%2 <(X%a (ka), a=1,2,3. A 


If the correlation between xj, x2, x; is itself linear, then the probability 
of the set &,,&,é, is expressed by an infinitesimal probability formula, 
which we may construct as follows: 


We compute the mean &, of all observed values &,, and the deviations 
uz =, —&, from that mean. 

Then the probability that such a set of deviations is found between 
Wy, Uy, 43 and a, +du,, u,+duy, u;-+du; has theoretically the infinitesimal 
value: 


a= Ce-f du, . du, . du;. 


Here the symbol f represents a positive-definite homogeneous quadratic 
form in the u,: 


faa ay 24h hy wy uz + 2 Ay3 hy hg uy wz + Ag u2+ 2 Ag3 hz hz wz 43 + 


3 
+ Riss = aH hep he he ua ug, 
a=1 S=1 


where 
don Neo CMe ee es lls 
Putting 
Ay ’ Aya ’ Ay3 1 , Ay2 , A31 
| Aue | = Ady os Aap. yg | SS ag 1 Ag 
dig der ig eee 
we find for the constant factor C 
Vi 


Before analysing this three-dimensional probability formula, we shall 
introduce the unimodular variables t,, t, f; by the relations: 


Area mriny 7, (Exes=tila 4, 6)) 


Hence the infinitesimal probability formula is expressed in these uni- 
modular variables as follows: 


aw =\ A etde.dty.dty, . . . : . . 4 


where 


3 3 
f=] +242 2241 fh +h 24,66, pas 2 Ane ta tes 5 
a=1 S=1 
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with 
VAM Medea opt, sede) 4) 2.6 


For the study of the probability formula 4 we shall provisionally 
suppose fj, f2,f; to be the original variables. 
Putting 
Ang COSY, , 431=—COS@, , Aj —Ccos 3, Sa cage 


we may illustrate the form f geometrically by considering a skew system 
of (rectilinear) coordinates f;, f2,t;, whereby the axes f, and f¢; include _ 
the angle g,, the axes f; and f, the angle 2, the axes 4, and ¢, the 
angle g; (fig. 1). The axes OQ, (=f), OQ; (—t),OQ;(=t) may 
(eventually prolonged) cut the sphere of radius unity with centre O 
(“unity-sphere”) at the points ®,, P,, D3. 


%. Yor 


fig.2 


Then on this unity-sphere we have a triangle ®, ®, ®; [(®)] the sides 
of which are 9,, 92,93. In our sketches we have taken all three sides 
1, Pr Y3 Obtuse (fig. 2). 

P being a point with the (skew) coordinates f,, t,, f;, the square of 
the radius vector OP=r, carrying from the origin O to that point, 
amounts to 


OPS ef. Sen Le. vas 


In order to integrate easily the probability differential, we shall write 
the quadratic form f as a sum of three squares. The geometrical meaning 
of this is, that we decompose OP=r along three rectangular axes. 

So we shall decompose OP 

1°. along OF;, 

Sie 


%, 
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2°. along O¥%2,; ') within the plane ©, O®; perpendicular to O®;, OY, 
being directed to that side of O®; where O®, lies, 

3°. along O®, perpendicular to the plane ®,O9®,, directed to the 
same side as O®,. 

Now we find for the component Z; along O®;: 

Z;=proj. OP on O®;= (proj. OQ, + proj. Q)Q’; + proj. Q’;P) on OO; = 
= t, cos 92 + f cos Y + £3. 

To compute the second component (£2,1), we drop the perpendicular 
PH from P on ®,09, and (within the plane Q,Q’,PQ’3) the perpen- 
dicular PG on Q,Q’,;; then AHGP is the solid angle between the 
planes ®,0®, and Q,Q',PQ’;, hence the supplement of the solid angle 
at the edge O®;, thus the supplement of the angle ®; of the spherical 
triangle (©), whence GH = GP. cos (x — ®3) =— GP. cos ®3, 

Further we have GP=Q",P. sin GQ’; P=Q’;P. sin (x—¢) = QP. sin y>. 


— 
So we find for the projection GH of Q';P on %,0: GH= 


=— Q’',P. sin p, cos ®; =— ft, sin gy, cos ®;; therefore the projection 
: — 
GH (=— HG) of QP on OY, is: + t, sin pz cos D3. 
Hence the component 02,, of OP along O%,; amounts to: 
C21 = proj. OP on OF),; = (proj. OQ’; + proj. QP) on OF) = 
= OF + ft, sin g, cos ®; = t, cos (#: — a + t, sin yz cos ®; 
or 
02,1 = t, sin y, cos ®; + f, sin 9}. 
Finally we obtain for the component z, along O2,: 
z,; = proj. OP on O2, = HP= GP sin (x — ©,) = f, sin g2 sin D3. 


So we have: 


Z =sing,sin ©; . 6, \ (1) 
62.1 =sin vy, cos ®;.t, + sin 9, . ty, c+ «9 Rie 
Z3 =COs P2. ty + Cos  . tp + ft. los; 21) 


In fig. 1 23, ¢21, z,; are represented by OJ, JH, HP respectively. 

The. perpendicular O2, on ©,0®,; meets the unity-sphere at either 
of the poles 2; of ®,®3, and particularly at that pole, which lies with 
@®, on the same side of ®,@;, 

Constructing in a similar way the pole 2, of ®;®, and the pole Q; 
of ®,®,, the points 2,, 2,, 2; form the opposite triangle of that tri- 
angle which is usually called the polar triangle of ®,®,;. Nevertheless 
we shall further on denote that very triangle 2,2,2, by “the polar 
triangle of &,D,0,” 


1) The sign; between the subscripts points out, that the arrangement of these subscripts 
is relevant. Subscripts not separated by the sign; are permutable. 
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Expressing the angles of the spherical triangle (®) in the sides «, of 
its polar triangle (2) by means of ®, —x—w,(a=1, 2, 3), we obtain: 


Z, =—sin 92 sin w3.t,, 
C21 =—sin 92 cos 3.f, + sing,.f,>. . . . . Qbis 
Z3 = cos 92. ¢, + cos 9, . t, + ty. \ 


fig.3 


Prolonging the sides of triangle (2) (which are acute in our sketches), 
2,2, meets py, at V3.2, m3 at Y,3; 2,2, meets g3 at Y.3, y, at V1; 
Q,Q, meets g, at Yo1, p, at W.2 (fig. 3). 

Each of the six triplets 


Q, 1 ®,, Q, W.2 ®,, Q, Wo ®,, Q, Yn D,, 23 W.3 ®,, Q; Y.3 D, 


determines a rectangular system of coordinates. The components of 
OP=r in these 6 systems are 


2 C1 Z3 22 C1;2 Z3, Z\ C351 Lee 22 3,2 is 23 £1;3 Ly» 23 C23 Zi. 


The point 17 where OP cuts the unity-sphere, is the common image 
point of these 6 triplets. 

As sing, sin ®; equals the sine of the altitude of (®) issuing from 
®,, this latter being the supplement of the altitude y, of (22) issuing 
from 2;, we have 

sin y2 sin ®; = sin gz sin ow; —=sin yy, 
sin 9; sin ©, =sin gy; sinw,=sinyw,; . .. . . 10 
sin g, sin ©, = sin g, sin w, = sin w3, \ 
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Hence we may write for z,: 
2, SS Site he es ee ee ee 
We now have: 
VA=V1—#B,— Ba $+ 2d dn n= | 
— V1 — cos? p; — cos? y2 — cos? v3 + 2 cos 9; Cos P2 cos Y3 = 
== sin Qa. Sify. ett) \ 


COS P2 COS P3 — COS Az, 442 — \ 
eo oo as 
pre ad ae} sin 9 sin 9 Yi—& Te =H) = 
he 9 , Lay KA 
Sse , sino, =———_. 
V Az, A353 V Az, As; 
Putting 
¥oq == COS\D;,, 5 | Yai == COS) 11 == COSI Os we ee 
and 
Fives Fiaze 713 
P= | yes] 4 oe" Ya Yaa | 3s oe a ee 
Y31» 329 «33 
with 


Yaa — i Yas == Y Bas 28 —G 1, 


we have, as a counterpart of 12, 


VT =V1— cos? @, — cos? ©, — cos” «3 + 2 cos @; cos @, cos @3 a 12bis 
SSHinGmsiwoy, (trai ly As)): 


and, as a counterpart of (13), 


COS W COS WH; — COS W == 
ES tie rs ae W2 os 3 = 9) eae a | oe 
SS Sa ee ae , sin YP, = See | 
V In Ts; Fa i ee 
whence the mutual relations between j’25 and Aas 
Ag La 


, hab 13ter 


Vab SS = Seiten oS 
V Aye Ab, Val Tsp 
The magnitude y,, is the fofal coefficient of correlation between f, and f;° 
Moreover: 


A’lz = sin ¢, sin ¢2 sin 93. sin y; sin y> sin y; = : 
= sin? ¢, sin? ~2 sin? p3. sin @, sin @, sin w;, 


aera ee : : aD pee, eke) 
= sin 7, sin 2 sin ~3.. sin @, sin* w) sin’ w3, 


thus 
A‘: , "2 = sin.:, sin pz sin p3. sin @, sin@,sinw;; . . . 14 
and. 
HB A 
AS ee - - sents 
sin @, sin @, sin w; sin ~, sin y2 sin 3 


1) Aab denotes the minor (algebraic complement) of 2s5 in the determinant A. 
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A and I" being of the 34 order, we have also (annexe to 7 and 7bis) 

sing, =V1—2=) A,,, sing, =V1—4, =) A, ( 

sin 93 = V1—22, =V/ 33, \ 

sin @, = V1=3=VI\;. sino, =V1—y3, = VI fee 
sino; =V 1—y}, SHV lisa, ) 


16 


or, summarized, 
sini ea Ace pa Sime ea 1 (a = 1;'23).0 4. 16ter 


We can now put the equations 9bis — by means of 7, 11, 13 (13ter), 
16 — into the form: 


fan 
2, =(z,) -t, (1) 


Fa eee 4 +Ay.t ee ae on Stere i270) 
o VY A,, ’ 
23 43, ti thy. ta +63. , (3; 21) 


By summing up the squares we easily regain the expression 5 for f. 
We may observe, that z, is a (linear) function of ft, f2,; of f, and 
Pye Za Of fj, .% and f,. 
Moreover : 
0 (2, Co, Z3)__ dz, O21 OZs5 © A 
Me tosta) es dt. (0b 2) Ob: =( 


My : 
) ANC Tey cA, 


Ay, 
whence, by passing from the variables f,, t,, t; to the variables z,, 6:1, Z3: 
VA . dt, . dt, . dt; ee dz, . dl, . dZ; . . . . . . 17 


Evidently VA. dt,.dt,.dt; represents the element of volume dV 
Mh 2 3 p 
expressed in the skew coordinates t,, fy, f3: 


dV == '4 Adi di,adt, <2 dz, cdiz,.dZ, . . . 17bis 
So we may put the infinitesimal probability dW into the form: 
dW ge tt pads mdZs ee «3 aS 
Putting in general 
P 
1 Ca, 
7a | or d= 9 IPI, EArt ee WE 
and further : 
Ofzj=s, > O § f21} = 021 . OW Za == )S5, s . ; 20 
we obtain besides for dW the formula: 
dW =dO{z,}.d@{t,,1}.d@§ Z;} ds. doz, .dS;, . . 21 


and likewise 5 analogous expressions. 


1) Cf. the footnote 3) on page 793. 
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In order to isolate two of the variables, e.g. f, and t, we must keep 
t; and f, constant (with the ranges df, and df,). Integrating now dW 
over f; (from —o to +0) we obtain the probability of the set 4,4 
(with the ranges df,, dt,), t; being arbitrary. 

Now the integration over ft; (with t; and f, constant) may be replaced 
by that over Z; (from —o to +0). 


+o 
On account of | dO {Z,} =O {+o} =-+ 1, we get: 
Z,=—@ 


Probability of the set f,, tf) (ranges dt), df,), tf; being arbitrary: 
de) W = dO {z,} A dO {Co.4 jot aay dz, . dl2,1 . s ° 22 


We might have obtained this same infinitesimal probability, if we had 
started with the division f=z3+¢?.,+ 23; hence this other formula 
for d3)W: 


d3W = dO { z2} . dO {Ciaj=te 4s dz, . dli,2 oy Os 22bdis 


The magnitudes 2, Z,¢21,¢1;2 being independent of z3, we may 
express both the differentials dj) W in terms of z, and z2; so we obtain: 


1 (see 002, 1 — (234+? , On. 
da) W=-—e ie, ea cc Lae he SE dz. der, 22ter 


7 


whence 
—+g) 0621 egy Obr2 
e =e ye, eS 
0z2 02; 
and generally: 
e St0) Olive +h) Olaib ire ee PED 
OZ Za 


In order to isolate one of the variables, e.g. t;, we must keep ¢, 
constant (with the range df,), t, and f; being arbitrary. Then we obtain 
the probability of the value ¢, (with the range df,), ft, and t; being 
arbitrary. Replacing the integration over f, (with ft, constant) by that 

+o 
over 2.1, and taking account of [do os} = Of{+ of} => + 1, we 
arrive at: fi 

Probability of the value t, (range df,), tf; and t; being arbitrary: 


day W = d0 |} = Fe" de Me ae bY 


If a three-dimensional frequency distribution, given by the empirical 
data: 


“For Y (k,, k2,k3) individuals is found t, (ke —1)< ta < ta (ka), a=1,2,3" 25 
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shall be in accordance with the probability formula 4 (5, 6), it must be 
possible to construct — by means of 24, 22, 21 — three functions 
Z1, 2,1, Z3, which are connected with the variables ¢,, f, f; by the relations 
9ter, The coefficients of the relations 9ter having been determined, the 
constants /,,, on the one hand and the coefficients of correlation y,, on 
the other, can be calculated. 

The construction of the function z, out of 24 is performed by equalizing 
the theoretical probability of: [4 < ft, (ky), f and ¢, arbitrary], resulting 
from 24, to the empirical value of this probability, deduced from 25. 

For this probability s, (k,) of: [t, < t, (k,), & and ¢, arbitrary] we find: - 
theoretically: 

fs (ky) 


A \'h 
5 (ky) = [oon W= @ f(s). where 2 )=(7.) ty (ki) 


{=—o 


empirically : 
ky 8 
* PPA TP») Y (i, i, is) 


k s £3 s i.) 
$1 (ky) = Sea inte y (is, ip, 53) = N 


Hence we obtain (putting successively k,=1,2,...,%,—1) »,—1 pairs 
Z ty 4); F 

If the frequency distribution { Y; t,%,¢;} really corresponds to the 
formula 4 (5, 6), it must appear, that the values z, (k,) resulting from 


¥, 


te ky gs 
PH PIED NATE SEE} A Nb 
e SP a a ce ki) =( —) .(k,) |, BO 
{21 (A1)} =, (hy) N [a y Ay i( ) 


are proportional to the associated values f; (k,). 

The function 2, might be constructed, if the empirical treatment 
enabled us to give an infinitesimal range to the variable ft,. Then we 
could determine the empirical probability of t, =, (j;) with the range 
‘dt,, t, being < f, (k), t; being arbitrary. © 

Putting 

dj, Oz} = O tz, (f:)} — Ola (4) —dz}, 
the theoretical expression of this probability is 


— Ay - (fi) + An. (ko) 
VA; 
The least range however we actually can take for f, is the class- 
interval At, = t, (k,) — t, (k;—1), so that the corresponding z, lies between 
Z, (ki—1) and z, (k,;). Thus we must operate with a finite difference: 


ky O{z,}= Of z, (ky) } — O} z (ky —1) }. 


1) The values of x, corresponding to z}=— oo and z}=-+ © are essentially undeter- 
mined; they need not coincide with the extreme class-limits (see S.C. I a, Dutch text p. 793, 
English text p. 803). 


dj, Of 21}. Of Cai (fi, he) }, where Coa (fi, 2) = 
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Then it is necessary to take for the function C2,; (j,k) a value, 
computed by substituting for f,(j,) a certain mean value between 
t; (k,—1) and f, (k,). Denoting this mean value by ¢, (k;—+4), we have: 

Probability of [f, (k:—1)< fh < & (ky), << (kp), t arbitrary]: 

Ax, 6 {z,}.O{lr1(k, —4, k2)}. 

Considering now the probability of [t < t, (k,),t; arbitrary, being 

given that t, (k;—1)<t, < t, (k,)], we find for its theoretical value: 
62,1 (ky — $, kz) = © {lair (ky —4, ky) }, 
— Ay. (ky —H +4. (ko) 


where £o.1 (ki — $ ky) = Ai 
The empirical value of this very probability is found to be 
ky 43 ky % 
2D, Yolk tse) SS Sey (Kite 
1 _— i=l i=l 


02,1 (k; — 4, kz) = = “= a iis Save : 
oo DS y (ky, in, i) Pa) 23 Y (ky, iy, i3) 
ig=1 i,=1 ig=1 i=1 
So we find, equalizing both expressions for the: 
Probability of [tf <f, \k2), t; arbitr., being given: t,(kj—1)<t; << t (k,)]: 


ky 4g 
2 & Y(k;, iz, is) 
@ {a1 (k: — 4, kz) } = 00:1 (ky — $, by) = 
DS PS Yer TERE), B(2; 1) 
ig=i ig==1 
== A . ft k —3 A . t k 
where bos (ki —4. 8 ee 21 1 ( oat 11 2 ( 2) 
If we succeed in determining exactly the mean values ft, (k;—}) 
(k= 2; Wore y,;—1), it must appear — provided that the given frequency 


distribution be in accordance with the probability formula 4 (5,6) —, 
that the values of ¢2.:(k;—4,k,) computed from B(2:1) are linearly 
dependent from the corresponding values t, (k,— 4), t (k2). In this case 
we can calculate the required values of 4, and y. from the coefficients 
of the linear functions z; =a, f,, 6,; =a, tf; +4) ft. However we must, 
before making this calculation, ascertain whether the variables t, are 
really unimodular. To test this we have to consider the function Z3. 

To construct the function Z; empirically, we should be able to give 
— also in the empirical treatment — an infinitesimal range, not only to 
t;, but also to f. Then it would be possible to determine the empirical 
probability of; [4 = (j:) (range dt), t = t (jo) (range dt), ts < ts (ks) J. 

Putting 

di, j, O { Ca1} = O {lar (ft. f2)} — © faa Gr fo) — dla,1}, 
this probability is theoretically expressed by 
dj, O21}. dj, {021}. O{ Zs (fre, ks)} 


where Z3 (fis fa» kz) = Asn « ty (J) + Ags « te (iz) + ts (hs). 
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. Actually we must operate with the finite ranges At,=,(k,) — t, (k,—1), 
A ty = ty (ky) — t2 (kp — 1) and with the corresponding finite ranges A z, 
A Cot. 

So we have (besides A;,9{z,}) to consider: 
Nie ky O { C2,1} = O { Ca,1 (hey — 4, he) } — O { So,1 (kr — 4, be — I}. 


We must therefore take a value of the function Z; (j;, j2, k3), which 
is computed by substituting for f, the value ft, (k, —+4) (mentioned already 
above), and for f, a mean value f, (k,— 4) between f, (k,—1) and f, (k,). 
So we obtain for the 

Probability of: 


[4 (kh —I<t<tt(h) tle—Ib<th<h(k) t<t(k)]: 
De, Of 21}. Deb Of 2:1}. Of Zs (ky — 4, kp — 4, bes) J. 


Hence the probability of [t; < t;(k3), being given: t, (kj—1)<t, << t, (ky), 
ty (ko—1) < tf) < fy (kz) ] has for its theoretical value: 


S3 (hy —+4, hk, —4,k,)= O12; (ki a ae ks) }, 
where Z; (k; — 4, kp — $, ks) = As, « ty (hy — $) 4 Ags « ty (kp — 4) + & (hs). 
Its empirical value is found to be 


ke hs 
2 y (ky, kp, is) = (ky, ke, is) 
S3 (ki —$ h-hh) = =~; 


2 y (ki, ko, ts) 2 Yk ky, 13) 
By equalizing both expressions for S3, we have for the 
Probability of: 


[t; <t; (ks), being given: t,(k,—1)<t<t) (ky), to (kg-l) <p << hy (ky) ): 


ks . 
= Y (ky, ea, is) 
O {Zs (ky — 4, ka — 4, ks) } = Ss (ls — 4 bp — th bs) = 


v3 3;21 
EV Uhey ko is) | a 


i=] 


where Z;(k,; — 4, k, —4, ks) = Asi «ty (ky —4) + Ags. to (ko — 4) +6 (hs) | 


If we succeed in determining exactly the mean values ¢, (k; — 4) and 
t, (kz — 4), then it must appear ~ provided that the given frequency distrib- 
ution be in accordance with the probability formula 4 (5, 6) — that the 
values of Z;3(k, —4, k,—4,k3) computed from B(3:2!) are linearly con- 
nected with the corresponding values t,-(k; — 4), f2 (k2—4), f3 (ks). 

If t, t, ¢t; are really unimodular, then the linear relation 
Z;—-A,t, + A,t,-+A;t, must give: A4;—1, A, and A, equal to the 
values 43, and 1,3 already calculated from the coefficients a,, a,, a. 

In the preceding analysis we have chosen the arrangement 2, 2,1, 23; 
that is to say: we have first left ft and ¢, arbitrary, then only ft, (and 
at last none of the f.). We may however just as well leave arbitrary: 
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first f, and f;, then only f;. This arrangement furnishes us the new 
functions z, and ¢.2, Z; remaining the same. 
z, is, as a function of ft, determined by associating z,(k) with t, (kp) 
according to 
g ee ke Ss 
ae Yate i) 
@ { z2 (ka) } = 2 (ky) = eon ae Me aes 


1,2 is, as a function of t and t,, determined empirically by associating 
01-2 (ky, kp — 4) with f, (ky), & (kp —4) in virtue of the relation 


k, 4 
2 & VY (i, ky, is) 
O {01.2 (kre ko —$)} = 01,2 (ky, kp —) = = 3 0 8 Bie 
> ZY (i, hk, is) 


Ps 


Provided the mean values asked for be determined in the right way, 
we shall find, between z, ¢1.2, Z; on the one hand and 4, f, f3 on the 


other, the relations 
A Vy / 
22 =(z,) itz s | (2) 
4122 


rea ee a ee eee 
Le Re Vay . | 
25 = hay hy dG 6 a (3; 12) 


which evidently must furnish the same values of 4. and y.s as before. 
Putting 


i+ = Gi x 34+. =d,2: ave be pie 26 
we must find 
42:1 = Q1;2 | 12)» er ee ae ee F4/ 


since both q2,1 and qi,2 must represent the projection OH of OP on 
the plane ®, OF, 
From 9bis(1), 9bis (2:1) we derive for the common value q?,: 


qi = sin? y2 . f — 2 cos ; sin y sin Y2. ty f+ sin? y, . B. 
Moreover we find from 9bis(1), 9bis(2;1) and from the corresponding 
equations 9bis (2), Qbis (1; 2); 
2 22 — C21 642=cos @3.q%, , 21 01;:2-- 22621 = sin a. Gitte es 
whence a 


Z C1;2 + Z2 Cai 


2, Z2— Cot C12 


tg o3= 29 

The equations 28 and, in particular, the equation 29, which is inde- 
pendent of the concordance between qi,2 and q2,1, immediately furnish 
«3, hence also the (total) coefficient of correlation 7,2 = cos @3. 
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For OP? we obtain two expressions, viz.; 
By AtS, +Z3=G3,,1+Z3 and r2 = 2340? + Z2=q? +Z?2 30(2:1)(1:2) 


which turn out to be equal, if 27 is satisfied. _ 
If we had operated with the arrangement z,, ¢3.1, Z,, we should have 
obtained for OP? a new expression, viz. : 


See og Zee os  S0GD) 


the value of which should be equal to the values furnished by 30(251)(1:2),, 
For the magnitudes q,;,, determined by 


Ecielph arieae|| RULE Es El pe) en a 
we have therefore together the three controlling equations: 
CaO =a lao 2 Oia = ss ew de 
Putting 
2a 2b a re Carb = Aa 1 Za a == Zb Gis = Bas, Sie 
we have, analogous to 29, 
tq Ww. = Bus ; 
Ais 
Leaving it unsettled whether q,:, is equal to qs: or not, ver we have: 
Aus Ba 


COS W, = (Az, +B?) , Sin @, 7 (At, +B?) 
Now 
ete Bo = (Za Zp — Copa Cast)? + (Za Core 4 Zp Cora)? = 
= (2+ 23) (+ o2 ) = Sa Tae: 


Hence we have — no matter whether qs;2—=qa:» is satisfied or not — 


Vab — COS W, = paket > Viiv =SiN On —— — Bo» | 
Yb; a + Ja;b db; a + Jazb 
Vie = E 
1—yap Bap (2s We ) \ 
———— = tga, = —>0 }. 
Yab a Aap Aab > / 
Putting 
db: a . a; b — OF 4: %9 . . + . . . . Chis 
we may also write: 
Aap [A= Bu 
Vai — COS We —— , 1— —y, = == Sina ; 
Qi. Q3, 
iV . 5 Ebis 
Lab Bap Ee . ) \ 
SS eS Oe 0 
wh Ae tN lee 


In the case that qs:.—= qa: (=qas) is really satisfied, we have of course 


Qu (Gabo iy «tee st ee SIE eg. Iabis 
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At present we can put r?= OP? into a form, which is entirely built 
up of the functions z,, ¢:.(a. b= 1, 2, 3). 


From 5, 7, 11, 12bis, 13bis ensues: 


ete 
f= SE Aeette =+6+4+6+2c0s9q,.t)f;+2cos¢2. tt; +2c0s93.ft 
o=1 B=1 
3 Z 3 
+2 5 cos Pu 
a1 


as 2p Zy 
gat sin? Yu sin yz sin y, 


3 3 
& sin? w, . z2 + 2 X sin wz sin Wy COS Pa . Z3Zy 
__ 1 a1 

yh 


or 


3 3 
= sin? Wa .2z2 +2 & (cos wz cos Wy — COS Wa) 23 Zy 
f= = a1 


= Pe 
1 — cos? w, —cos? w,— cos? 3; +2 cos @; cos 2 cos 3 


Substituting, in the denominator J, for cos @,, cos @;, cos @; the 
expressions furnished by Ebis, we obtain: 


be 1 aie AG, Zire Az; As Ai 
= = oe =F 
Q; QQ, Qi, ~~ QQ, Qi, 


S 
Q5, Q3, Qi, — 2 Az, Qt, Qt, + 2 Ars Asi Air Q3, Q5, Qi, 
a Q3,Q3, Qi, 


or, putting: 


3 
Q5, Qs, Qh—2 AL Qt, Qi, ae 2 Ax Ax Ay Q3; Q3, Qi = 


=e epee 
the abbreviated form: 
r= Figg £4 
Qi, Q3, Qh 
Likewise we find for the numerator of r?: 
3 BE ag tay Ve 
By 2 2 LAE EPO TA 
J Oh et Aro, a) ay 
3 3 
i. a B., Q?, Qt, "4 me <e Q3, 3, Qi, 2 (A,, A,; Q2,—Az Q?,, Q?.) 2p zZ, 


4 4 4 
Q?, Q3, Qi, 


’ 


or, putting: 


a 


3 
= Be a, age fot ) 


3 ‘ 
== 2 Qs; Q, Q?, a (A A,; * <a Az Q?.. Q? 3) Zz Z, = G{z, c \\ 
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the abbreviated form: 
Ghz, 6} 


BUMeCIACOl == 
4 4 4 
Qs, Qs, Qi, 


The forms F and G are entirely built up of the functions zz, Ca.» 


(a,b = 1, 2,3). 
Thus we find for OP? =17?: 
12,6) 
2 } —— 
eS Riper ete! 3a ok 1S Rete 3 | 


If the conditions Ia are fulfilled (whence Q.as = qas, a, b= 1, 2, 3), the 
functions Z,, Z,, Z3; must satisfy 


Z=Hizt}—q@,, Z2=Hi{z0}—@,, Z2=H{zt}—q@, Ib 


(To be continued). 


Botany. — Weitere Untersuchungen iiber den Einfluss des Lichtes auf 
das Wachstum von Koleoptile und Mesokotyl bei Avena sativa. 
II. (Vorlaufige Mitteilung.) Von H. G. pu Buy und ERICH 
NUERNBERGK, (Communicated by Prof. F. A. F. €, WENT.) 


(Communicated at the meeting of June 29, 1929.) 
I. 


In einer friiheren Mitteilung (diese Proceedings, Bd. 32, N®. 5, 
S. 614) hatten wir iiber Untersuchungen berichtet, die sich mit dem 
Einfluss verschiedenartiger Energiestrahlung auf das Wachstum des 
Haferkeimlinges beschaftigten. Die damals aufgeworfene Frage (S. 620), 
ob wirklich die Lichtstrahlen kiirzerer Wellenlangen eine andere Wirkung 
auf das Wachstum des Avenakeimlinges als die Strahlen langerer Wellen- 
langen haben, ist nunmehr im Anschluss an die zuvor mitgeteilten Ergeb- 
nisse von uns etwas eingehender studiert worden, und zwar auch in bezug 
auf die Folgen, die eine Bestrahlung des jungen Keimes auf spatere Ent- 
wicklungsstadien hat. 

Schon friither vermuteten wir, dass die Strahlen kiirzerer Wellenlange 
eine mehr formative und deshalb mehr dauernde Wirkung haben, die 
langer welligen aber eine mehr zeitliche. Anders ausgedriickt, kann man 
vielleicht sagen: Die blauen Lichtstrahlen veranlassen photochemische 
Prozesse, welche hauptsachlich die Konsistenz der Zellwande so andern, 
dass diese weniger dehnbar werden, in viel geringerem Masse aber (Val. 
die Lichtwachstumsreaktion !) vielleicht auch die Wuchshormone sezer- 
nierenden Zellen fiir kiirzere oder langere Zeit zu einer geringeren Tatig- . 
keit veranlassen kénnen. Dagegen haben die roten Strahlen mehr eine 
’ direkt das Protoplasma jeder einzelnen Zelle beeinflussende Wirkung, 
verhalten sich also Ahnlich, wie unter sonstigen Aussenfaktoren die 
Temperatur. 

Diese Theorie scheint vielleicht etwas voreilig aufgestellt zu sein, aber 
immerhin harmonieren mit ihr die im folgenden noch zu beschreibenden, 
éfters unerwarteten Tatsachen recht gut, sodass ihr sicherlich eine gewisse 
Bedeutung zukommt. ; 

Die versuchspflanzen, entsprechend unseren friiheren diesbeziiglichen 
Experimenten behandelt, wurden ungefahr 4 Std. vor Eintritt ihrer 
,empfindlichen Periode’’, d.h. ca 24 Std. nach Anfang des Quellens, den 
verschiedenartigen Lichtstrahlen exponiert. Die zuvor eingeteilten Serien 
wurden dann von 0—4, 0—8, 0—12, 4-8 und 8—12 Uhr (0 Uhr— 
+ 24 Std. nach Quellungsbeginn) beleuchtet. Als Lichtquelle fungierte 
wiederum fiir die Wellenlangen 436, 546 und 578 ,,, die mit passenden 
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Filtern versehene Quarz~Hg-~Lampe, wahrend fiir den Wellenbezirk 
644—800 py eine Philips-Argalampe in Verbindung mit dem Schottschen 
Rotfilter RG 1 (2 mm stark) gebraucht wurde. Die langwelligen Warme- 
strahlen wurden mit Hilfe von CuSO, Filtern bezw. bei den Rotversuchen 
mit 5 cm dickem Wasserfilter ausfiltriert. Die Intensitéten wurden vor 
jedem Versuch an dem Standort der Pflanzen mittels einer, an eine absolut 
geeichte Thermosaule angeschlossenen Mollschen Mikrothermosaule in 
absoluten Einheiten gemessen. 

Schon die ersten Versuche zeigten, dass bei zu niedrigen Intensitaten 
nur ein undeutliches Bild der Erscheinungen erzielt werden konnte, die © 
bei héheren Intensitaten klar zu Tage kamen. Sehr deutliche Resultate 
bekamen wir schliesslich mit einer Intensitat von + 120 Erg/cm2/sec., die 
auch insofern geeignet war, weil bis auf die Wellenlange 546 wu alle 
anderen Spektralbezirke experimentell bequem auf dieselbe Intensitat 
eingestellt werden konnten. 

Unsere, im Rahmen dieser Mitteilung nur summarisch wiedergegebenen 
Versuchsresultate ergaben dann folgendes Bild : 


Blau (436 wu) ca 120 Erg/cm?/sec. 

0—4 Uhr beleuchtet. Endlange des Koleoptils und Mesokotyls etwa 
10 % gegeniiber nicht bestrahlten ,,Kontrollpflanzen” (I. Mitt. s, S. 615) 
verringert. 

0—8 Uhr und 4—8 Uhr beleuchtet. Endlange von Koleoptil und Meso- 
kotyl = 20 % verringert. 

0O—12 Uhr und 8—12 Uhr beleuchtet. Endlange desgl. um + 35 % 
verringert. 


Rot (644—800 uu) + 120 Erg/cm?|sec. 

0—4 Uhr, 4—8 Uhr und 8—12 Uhr beleuchtet. Endlange des Koleoptils 
um 5 %, des Mesokotyls um 10 % gegeniiber nicht bestrahlten Kontroll- 
pflanzen verringert. 

O0—8 Uhr beleuchtet. Endlange des Koleoptils 20 %, des Mesokotyls 
annahernd 100 % verringert. 

0—12 Uhr beleuchtet. Endlange des Koleoptils 30 %, des Mesokotyls 
50 % verringert. (,,Anpassungserscheinung’.) 


Rot (644—800 up) 1450 Erg/cm?/sec. 

0—24 Uhr beleuchtet ) Endlange des Mesokotyls stets = 0 

0—28 ,, y | 4 » Koleoptils in den ersten 3 Serien 
6—33: .,, , um 20—30°/), in der letzten Serie um ca 
0o—48 ,, » 50 °/, verringert. ') 


1) Mit obigen, bei rotem Licht erhaltenen Ergebnissen stimmen, wie wir erst nachtrag- 
lich sahen, die vor kurzem publizierten Befunde S. Langes (Jahrb. wiss. Bot. 71, 1. 1929) 
gut tiberein. (Zusatz bei der Korr.). 

52 

Proceedings Royal Acad. Amsterdam Vol. XXXII. 1929. 
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Gelb (578 up) und Gelb + Griin (578 — 546 up) 
Die Wirkung dieser Spektralbezirke halt sich ungefahr in der Mitte 
zwischen dem Einfluss des blauen und des roten Lichtes. 


Reine langwellige Warmestrahlung (vgl. die auf S. 617 in der I. Mit- 
teilung beschriebenen Versuche.) 

Die Wirkung ist ahnlich der, wie man sie unter dem Einfluss des roten 
Spektralbezirkes bekommt. 


Die eben beschriebenen Versuchsergebnisse kann man nun gut vom 
Gesichtspunkte der vorher (S. 808) aufgestellten Theorie verstehen, Die 
von den kiirzeren Wellenlangen veranlassten photochemischen Prozesse 
kénnen namlich, einmal richtig in Gang gebracht, nicht mehr riickgangiy 
gemacht werden. Die Dehnbarkeit der Zellwande wird bei geniigend 
langer Bestrahlung fiir dauernd verkleinert; je langer man beleuchtet. 
um so kleiner ist die Endlange der Zellen, Man erhalt daher das Resultat, 
dass mit wachsenden Beleuchtungszeiten die Endlange von Koleoptile und 
Mesokoty] entsprechend verringert wird. Anders ist dagegen die Wirkung 
des roten Spektralbezirkes. Die direkte Beeinflussung des Plasmas durch 
diese Strahlengruppe wird bei Beleuchtung zur Folge haben, dass das 
Herabdiffundieren der Wuchshormone verlangsamt wird: die Hormone, 
die die Dehnbarkeit vergréssern (Vgl. HORREUS DE Haas 1929), sind 
verbraucht oder inaktiviert, bevor sie das Mesokotyl erreicht haben: das 
Mesokotyl wachst also nicht aus! 

Indessen kann dieser Zustand nicht bei langerer schwacherer Bestrah- 
lung bestehen bleiben, da sich das Plasma dann langsam dem Strahlungs- 
einfluss anpasst, sodass im Verband mit den neuen ausseren Umstanden 
ein gleichfalls neues inneres Gleichgewicht geschaffen wird. Da ferner diese 
Prozesse reversibel sind, so werden schliesslich die Wuchshormone wie 
gewohnlich, hinunter diffundieren, auch das Mesokotyl wieder erreichen 
und dieses auswachsen lassen. Nur bei Bestrahlung mit starken Intensi- 
taten werden die Vorgange irreversibel beeinflusst ; das Mesokotyl wachst 
dann weder bei kiirzerer, noch langerer Beleuchtung irgendwie aus. 

In anderen Fallen kann man aber mittels beider Strahlengattungen 
gleiche Aussere Erscheinungen hervorrufen, so z. B. das Durchbrechen 
des Primarblattes. Hierbei verringern die blauen Strahlen das Wachstum 
der Koleoptile, weil die Dehnbarkeit der Zellwande beeintrachtigt wird. 
Da das Primarblatt aber weiterwachst, so kommt es zum Durchbruch der 
Koleoptile. Sehr starke Beleuchtung mit roten Strahlen oder ein plétzlicher 
Temperatursprung von mindestens 5° C. verringern aber auch das Koleop- 
tilwachstum durch vielleicht direkte Schadigung der Protoplasten. Die 
Hormone werden dabei einige Zeit in ihrer Bewegung gehemmt, sodass 
das Wachstum sistiert wird, und das Primarblatt nunmehr durchbricht. 
Bezeichnender Weise wachst aber spater das unter diesen. Verhaltnissen 
dutchbrochene Koleoptil stets noch eine Weile weiter, ja, es kann sogar 
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noch Kriimmungsreaktionen ausfiihren, wahrend es alles das nicht mehr tut, 
wenn es unter normalen Umstanden seine Endlange erreicht hat und dann 
erst vom Primarblatt durchbrochen wird, 

Ist die eben vorgetragene Auffassung richtig, so kann ferner dem blauen 
Lichte bei langerer Beleuchtung nur ein untergeordneter Einfluss 
auf die quantitative Erzeugung der Wuchshormone zugeschrieben werden. 
Es ware namlich sonst unverstandlich, warum das Mesokotyl auch nach 
starkerer u. langerer Bestrahlung immer etwas auswachst, da man bei 
einer infolge langerer Beleuchtung verursachten etwaigen Verringerung . 
der Wuchshormonmenge sehr gut annehmen kénnte, dass die zur Ver- 
fiigung stehenden Wuchshormone bereits aufgebraucht sind, bevor sie iiber- 
haupt das Mesokotyl erreicht haben, (Wuchsstoff als ,,limiting factor” ; 
siehe F. W. WENT, 1928). Da dieses jedoch nicht der Fall ist, so kann das 
blaue Licht primar hauptsachlich nur die Dehnbarkeit der Zellwande be- 
einflussen und héchstens nur sekundéar in anderer Weise auf die Produktion 
der Wuchshormone quantitativ einwirken. 

Mit der oben vorgebrachten Theorie stimmt es auch ganz gut iiberein, 
dass nur Strahlen kiirzerer Wellenlangen intensive Kriimmungen veran- 
lassen kénnen. Abgesehen davon, dass die blauen Spektralbezirke starker 
im Zellgewebe gebrochen und absorbiert werden (Vgl. E. NUERNBERGK, 
1927), sodass in der Pflanze viel gréssere Intensitatsunterschiede bei 
einseitiger Beleuchtung hervorgerufen werden, die natiirlich eine tropis- 
tische..Kriimmung nur begiinstigen kénnen, zeigt jeder phototropische 
Wachstumsvorgang !) deutlich, dass die Aenderung des Wachstums auf 
den antagonistischen Flanken mit fast unverminderter Intensitaét bis zur 
untersten Basis herabgeleitet wird. (Vgl. z. B. Fig. 1, Vers. 20 A.) Dieses 
ware aber kaum méglich, wenn etwa das Wesen der phototropischen 
Kriimmung allein darin bestande, dass durch die Einwirkung des Lichtes 
auf das Plasma die Herabdiffusion des Wuchshormones gehemmt wiirde, 
wie das bei der Einwirkung langwelliger Spektralbezirke der Fall zu sein 
pflegt. In diesem Falle miisste man annehmen, dass sich die unteren 
Zonen des Koleoptils gar nicht mehr an der Kriimmung beteiligen, 
weil ihr Wachstum infolge Mangels an Wuchshormon ganz sistiert. 
Alle unsere tropischen Versuche zeigen aber das Gegenteil, und somit 
kénnen wir annehmen, dass sich eine phototropische Kriimmung, 
abgesehen von der spater noch zu besprechenden Aenderung der 
Abflussrichtung der Wuchshormone, aus dem formativen Einfluss des 
blauen Lichtes auf die Dehnbarkeit der Zellwande ergibt. Man wird 
héchstens noch den gelben Spektralbezirken bei hohen Intensitaten 
eine geringe formativ-tropistische Einwirkung zusprechen kénnen, aber 
wenn man iiberhaupt bei roten oder gar infraroten Strahlen tropisti- 


1) Er muss natiirlich unbeeinflusst vom Geotropismus verlaufen, wie es bei Klinostaten- 
rotation der Fall ist! 
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sche Wirkungen erzielen kann1), so liegt es dabei sehr nahe, dass die 
Kriimmungen auf ganz andere Weise als bei dem normalen phototropischen 
Prozess durch starke einseitige Zellschadigungen (Transpiration, zu hohe 
Temperatur etc.) zu stande kommen, sodass sie mit den eigentlichen photo- 
tropischen Kriimmungen gar nicht verglichen werden kénnen. 


Il. 


Bereits in unserer vorigen Mitteilung hatten wir tiber 2 Versuche be- - 
richtet, die sich mit dem Studium der Wachstumserscheinungen bei den 
phototropischen* Kriimmungen der Avenakoleoptile beschaftigen. Die in- 
zwischen fortgesetzten Untersuchungen sollen im folgenden noch kurz 
besprochen werden, da sie teilweise recht interessante Ergebnisse zeitigten. 
Gearbeitet wurde nur mit Wellenlange 436 uu der Hg-Lampe, Spitzen- 
beleuchtung (2—3 mm), und bei den kinematographisch registrierten 
Kriimmungen mit Klinostatendrehung. Bei diesen Aufnahmen wurden 
ausserdem stets Pflanzen benutzt, deren Koleoptile bis auf die unterste 
Basis véllig frei exponiert standen. Wir erreichten das dadurch, dass die 
Zinktépfchen, in denen sich die Pflanzen befanden, durch einen leicht 
abnehmbaren Ring anfanglich stark (1—1.5 cm) erhdht waren. 1—2 
Stunden vor Beginn des Versuches wurde der Ring abgestreift und die 
Erde soweit von der gut eingewurzelten Pflanze entfernt, dass diese zuletzt 
mit ihrem Korn geradezu auf einem kleinen Erdhiigel stand. Auf diese 
Weise konnte auch die Basis der Pflanze bequem mitphotographiert 
werden, und es stellte sich dann auch bald heraus, dass die bereits in 
unserer vorigen Mitteilung (S. 624) erwahnte Basiskriimmung keine 
Besonderheiten bietet, sondern sich einfach in den normalen Verlauf der 
Wuchshormonkriimmungen eingliedern lasst. (Vgl. Fig. 1, Vers. 20 A— 
5. Zone; Fig. 2, Vers. 22 A—6. Zone; Fig. 3, Vers. 27 A—4. Zone). 


Da es uns nunmehr auch darauf ankam, Klarheit dariiber zu bekommen, 
bei welchen Intensitaten die verschiedenen bekannten Stadien der photo- 
tropischen Kriimmungen im monochromatischen Licht (A—=436uu) zu 
erwarten waren, wurden verschiedene Vorversuche angestellt, von denen 
einer hier wieder gegeben sei. 

Andere Versuche, die wir wegen Raummangels hier nicht wiedergeben 
kénnen, ergaben ahnliche Resultate, jedoch trat sehr oft an Stelle der 
negativen Kriimmung einfach nur das ,,Indifferenzstadium’’ CLARKS (1914) 
auf. Ein einwandfreier Anschluss der von uns fiir Wellenlange 436 uy 


1) Einige Versuche von uns, wobei die Pflanzen so mit Rot-Infrarot einseitig belichtet 
wurden, dass keine direkt schadigende Wirkung der Bestrahlung zu erwarten war, ergaben 
keine Spur von phototropischen Kriimmungen. 
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TABELLE 1. 
17. VI. 29. Temp. = 21° C. Blau 4360 AL. Spitzenbeleuchtung 
(2—3 mm.) mit 610 Erg/cm2/sec. Ohne Klinostatieren. 


Pflanzen vorerwaérmt, ohne Mesokotyl 

Asn sec. = 12.2 Erg Schnell sehr deutliche —+- Kr. 
Doce 24.2 % »  Ziemlich deutliche ae 
Leen 22: ~ Sp&ter schwache = 

ine 610 . 3 — sn 

Sae = 5050 is _ schwache (wie bei 12”) + 
Die 17320 * Schnell ss =P 
25 pp == 15250 5, Spater —- » 
LOOM we 01000 7s, Schnell tp 
300 ,, = 183000 ,, ce whats gh: 
600 ., = 366000 ,, Spater schwache + 
S00 meee 549000". » gute + 5 


bei verschiedenen Intensitaten gefundenen Kriimmungen an die mit ge- 
mischtem weissem Licht ermittelten Daten von BLAAUW (1909), Arisz 
(1915) u.s.w. ist jetzt noch nicht médglich, weil wir noch keine Bestim- 
mungen der Prasentationszeit durchgefiihrt haben. Wahrscheinlich ent- 
spricht 1 Erg)=436,, etwa 10 MKS einer gewohnlichen (nicht gasgefiillten) 
Wolframgliihlampe, doch ist einstweilen dieses Verhaltnis noch sehr 
unsicher. 

Trotz der Unvollkommenheit unserer bisherigen diesbez. Wersuche 
k6nnen wir aber doch mit ziemlich grosser Sicherheit behaupten, dass man 
bei den phototropischen Kriimmungen von Avena wenigstens 3 verschie- 
dene + Kriimmungen unterscheiden muss, die von 2 verschiedenen nega- 
tiven Kriimmungen oder Indifferenzstadien unterbrochen werden. Hierbei 
ist die Frage noch nicht vdllig gelést, unter welchen Umstanden eine 
negative Kriimmung an Stelle eines Indifferenzstadiums auftritt und 
umgekehrt. Mit der Wahl der Belichtung oder der Hafersorte hat das 
nach unseren bisherigen Erfahrungen langst nicht so viel zu tun+), als 
vielmehr mit dem gerade vorhandenen Wachstumszustand, in dem sich 
die Versuchspflanze befindet. Wir konnten z. B. eine negative Kriimmung 
nur bei in gutfeuchter Erde befindlichen Pflanzen reproduzieren, wenn 
iiberdies der Durchbruch des Primarblattes noch nicht zu befiirchten war. 
So ist es uns ferner gelungen, bei mit ultraviolettem Licht (A = 366 pu) 


1) Vgl. dazu Arisz (1915), CLARK (1914) u. BURCKHARDT (1926). 
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vorbehandelten Pflanzen (analog der Warmevorbehandlung!), welche 
unter guten Umstanden sehr schnell wachsen, selbst ohne Rotation deut- 
liche und starke negative Kriimmungen hervorzurufen, Eine einwandfreie 
und exakte Beantwortung der Frage ,, Wie kommt eine negative Kriimmung 
zu stande’”’, wird aber erst durch weitere Untersuchungen mit noch ver- 
feinerter Messmethodik zu lésen sein. 

Hier kénnen wir jetzt nur etwas eingehender auf die Wachstumsver- 
haltnisse der 3 positiven Kriimmungen zu sprechen kommen, die in den 
Figuren 1, 2 u. 3 nach der in unserer vorigen Mitteilung (S. 621) ange- 
gebenen Methode ausgewertet worden sind. Jedesmal ist bereits 1—2 Std. 
vor der. Belichtung (Pfeil!) das Wachstum unter Klinostatenrotation 
registriert worden, um auch einen genaueren Anhalt dariiber zu haben, 
inwieweit das Dunkel-Wachstum durch die Belichtung geandert wird. Die 
Belichtung selbst war Spitzenbeleuchtung (2—3 mm), wahrend ihrer 
Dauer blieb die Pflanze ruhig auf dem Topfhalter des intermittierenden 
Klinostaten stehen, um nach Moglichkeit jede Manipulationsreaktion 
auszuschalten. 

Unter den Kurvendarstellungen sind einzelne, besonders beachtenswerte 
Stadien der Kriimmungen, direkt von den betreffenden Filmbildchen 
abgezeichnet, dargestellt worden. Die Vergrésserung der Aufnahmen fiir 
die Ausmessung hatte jetzt den Massstab 51: 1; mit ihm sind die in 
den Kurvenabbildungen durch die Ordinaten gegebenen Werte zu multipli- 
zieren, wenn man die genaue Grésse bzw. den genauen Zuwachs der 
einzelnen Zone oder der ganzen Pflanze (total!) in einem beliebigen 
Stadium ermitteln will. Um die Zuwachswerte der einzelnen Zonen ferner 
deutlicher herauskommen zu lassen, sind die Nullpunkte (beziffert!) der 
linken und rechten Flanke jeder Zone auf gleiche Héhe gebracht worden. 
Die belichtete Seite wird stets durch die punktierte Linie wiedergegeben, 
sodass die gezogenen Linien der Konvexseite entsprechen. 

Bemerkt muss werden, dass in den vorliegenden 3 Kurvendarstellungen 
die ganz besonderen Feinheiten in dem Wachstumsablauf noch nicht 
dargestellt worden sind, da leider die bis jetzt angewandte Zonenmarkierung 
mittels Kohlepartikelchen infolge der unregelmassigen Form derselben eine 
bis auf 1 mm genaue Abmessung jeder Zone mittels Messrades bei 
starkerer Vergrésserung noch nicht zulasst. Wir sind bestrebt, auch diesen 
Fehler unserer Methode noch zu beseitigen, glauben aber doch, dass schon 
die nur die Mittel- und ausgeglichenen Werte enthaltenden Kurven des 
Interessanten genug bieten. 

Wenn wir nun die Interpretierung dieser Resultate an der Hand der 
in der Literatur vorhandenen Angaben versuchen, so miissen wir uns vor 
allen auf die bekannte Went-Cholodnysche Wuchshormontheorie und die 
von DILLEWIJN (1927) angegebenen Daten iiber die Lichtwachstums- 
reaktionen bei Avena stiitzen. DILLEWIJN hatte versucht, aus den bei einer 
bestimmten Lichtmenge resultierenden Lichtwachstumsreaktionen die bei 
einseitiger Belichtung folgenden Kriimmungen vorauszusagen, und zwar 
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hielt er die primaren, kurzen Reaktionen fiir Turgorreaktionen, die sekun~ 
daren langen aber fiir Wuchshormonreaktionen. Wie nun unsere Kurven 
zeigen, tritt die primare Lw.-Reaktion stets auf beiden Seiten der Pflanze 
auf, sie kann also nicht die Kriimmung hervorrufen. Das tut nur die 
sekundare Lw.-Reaktion, und zwar wohl nach der Vorstellung WENT's 
(1928a), indem die Wuchshormone ungleichseitig von der Spitze her- 
abfliessen. Dieses ungleichmassige Herabdiffundieren der Wuchshormone 
kann man in den Kurvenabbildungen an den nacheinander in den einzelnen 
Zonen eintretenden Wachstumsanderungen sehr schén verfolgen. Theore- 
tisch k6nnen die Wachstumsanderungen nach der Belichtung (im Ver-- 
gleich zum Dunkelwachstum) durch 2 Faktoren bewirkt werden : 

a. Durch eine Aenderung in der Quantitat der Wuchshormone durch 

das Licht. 

b. Durch eine vom Licht bedingte andere Dehnbarkeit der Zellwande. 

a. +b. Durch beide Faktoren gleichzeitig. 


Nach unserer Auffassung spielt der Faktor b bei den hier beschriebenen 
Versuchen im allgemeinen keine besondere Rolle, da ja nur 2—3 mm der 
ganzen Pflanze iiberhaupt belichtet worden sind; Faktor a ist aber nur 
insofern von Bedeutung, als die Wuchshormonmenge im Sinne WENT’s 
(1928) nur ungleichmassig verteilt wird, total aber nahezu die gleiche 
bleibt. So gibt WENT auch einmal an, dass bei einer von ihm gebrauchten 
Lichtintensitat, die eine 2. + Kriimmung hervorruft, die gefundenen 
Wuchsstoffmengen gleich bleiben. 

Anders liegen aber die Verhaltnisse wohl nur bei intensiver Dauerbe- 
lichtung der ganzen Pflanze, die man am besten mit den Umstanden ver- 
gleichen kann, wie sie bei einer mehrstiindigen Beleuchtung des noch sehr 
kleinen Keimes zwecks Beeinflussung des Mesokotyls vorhanden sind. 
(Vgl. S. 809.) Das Kriimmungswachstum bei Dauerbelichtung ist aber 
bislang von uns noch nicht hinreichend studiert worden, sodass wir darauf 
jetzt nicht weiter eingehen kénnen. 

‘Die 1. +, von uns dargestellte Kriimmung (Fig. 1) ist wohl in jedem 
Falle eine reine Wuchshormonkriimmung, hervorgerufen durch ungleich- 
massigen Abfluss der Wuchshormone. Die ihr entsprechende Lichtwachs- 
tumsreaktion ist von DILLEWIJN anscheinend nicht behandelt worden. Die 
eigentliche Kriimmung entsteht wohl in der 3. Zone, wo die Kon- 
vexseite viel schneller als die Konkavseite wachst. In der 4. und vor allem 
der 5. Zone bildet sich dagegen die Kriimmung wahrscheinlich mehr 
dadurch aus, dass die Konkavseite plétzlich ihr Wachstum verringert, 
wahrend das, Wachstum der Konvexseite gleich bleibt. 

Die 2. + Kriimmung der Fig. 2 ist wohl auch in der Hauptsache durch 
ungleichmassige Verteilung der Wuchshormone bedingt. Ein wenig wird 
aber die einwandfreie Beurteilung des Abblaufes der Kriimmung im ein- 
zelnen dadurch behindert, dass die Pflanze stérende Nutationen macht, so 
z.B. in der 6. Zone von 60—150 min. (ist auf dem Film sogar mit blossem 
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Auge zu sehen!), und in der 2. und 3. Zone, wodurch der eigentliche 
Anfang der Kriimmung undeutlich wird. In der 4. Zone fangt sie nach ca 
130 Min., in der 5. Zone nach ca. 170 Min. an. Allgemein betrachtet, 
kommt der Kriimmungsverlauf der Totalwachstumskurve einigermassen 
mit der Kurve der Lichtwachstumsreaktion iiberein, die DILLEWIJN (1927) 
auf S. 375 wiedergibt. 

Ein wenig anders scheint sich schliesslich die 3. + Kriimmung der Fig. 3 
zu verhalten. Die starke und langdauernde Belichtung bewirkt, dass das 
in der Koleoptile nach unter dringende Streuungslicht, das auch auf den 
wahrend der Belichtung gemachten Filmbildchen sehr deutlich zu sehen 
ist, dort in den mehr basalen Zonen schliesslich doch einen gewissen Ein- 
fluss ausiibt. Vielleicht ist das die Ursache dafiir, dass die Kriimmung erst 
in der 3. und 4. Zone anfangt und sehr gering bleibt. Man muss annehmen, 
dass das Streuungslicht die Dehnbarkeit der Zellwande in der 1. und be- 
sonders 2. Zone so herabgesetzt hat, dass sich dort die ungleichmassige 
Verteilung der Wuchshormone in einem ungleichmassigen Wachstum nicht 
mehr auswirken konnte. In der 3. und 4. Zone war dagegen das Streuungs- 
licht schon zu gering, um noch einen hemmenden Einfluss auf die 
Dehnbarkeit ausiiben zu kénnen 1). 

Was schliesslich die Lichtwachstumsreaktion betrifft, die bei dieser 
Kriimmung auftritt, so kann man sie vielleicht ganz gut mit der von 
DILLEWIJN (1927) auf S. 347d reproduzierten vergleichen ; man muss aber 
beachten, dass wir die kleineren Wachstumsunterschiede, die bereits 
wahrend der Belichtung auftraten, nicht beriicksichtigen konnten, weil die 
betreffenden Filmbildchen iiberbelichtet waren. Infolgedessen scheint es, 
als ob wir nur den 2. Teil der Kurven DILLEWIJN’s erfasst haben. 

Ueberblicken wir nun noch einmal das Gesagte iiber die 3 verschiedenen 
positiven Kriimmungen, so sieht man, dass sich diese Kriimmungen sowohl 
im Ausmass der Kriimmung und in der Kriimmungsverteilung iiber die ver- 
schiedenen Zonen, (selbst wenn man hier mit der differierenden Lange 
der Zonen rechnet), als auch in der Zeit und im Wachstumsverlauf kurz 
nach der Beleuchtung u.s.w. wohl unterscheiden lassen. Auch einige von 
uns gemessene Interferenzstadien zwischen 1. u. 2. positiver Kriimmung 
und zwischen 2. und 3. positiver Kriimmung zeigten ungefahr eine gewisse 
Mittelstellung zwischen den verschiedenen Kriimmungen. Es wird aber 
noch sehr viel mehr Material nétig sein, ehe man die einzelnen Unter- 
schiede, die bei den mannigfaltigen phototropischen Kriimmungen, deren 
die Avenakoleoptile fahig ist, ganz prazise fassen und einer allgemeinen 


1) Fiir die Richtigkeit dieser Erklarung sprechen verschiedene, neuerdings von uns unter- 
nommene Versuche mit starker Dauerbelichtung der ganzen Pflanze, welche nicht nur 
wieder den charakteristischen, durch eine plétzliche Zellwanddehnung verursachten ,, Wachs- 
tumssprung” (In Fig. 3 durch gestrichelte Parallelen gekennzeichnet!), sondern obendrein 
noch eine darauf folgende, fast véllige Sistierung des Wachstums auf der beleuchteten 
Seite zeigen. Im iibrigen bedarf aber dieser Wachstumssprung zu seiner Erklarung noch 
weiterer Untersuchungen. 
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Theorie unterordnen kann. Wir glauben aber, schon jetzt zur geniige 
gezeigt zu haben, dass sich die phototropischen Erscheinungen bei Avena 
vollig zwanglos den allgemeinen Wachstumserscheinungen dieser Pflanze 
unterordnen lassen, und dass somit, wie BUNNING (1929) auch treffend 
bemerkt, BLAAUW (1918) mit seinen Vorstellungen iiber die Entstehung 
einer phototropischen Kriimmung prinzipiell vdllig recht hat, wenngleich 
seine Beweisfiihrung im einzelnen vielleicht durch die neueren Ergebnisse 
der Forschung iiberholt und nicht mehr fiir richtig angesehen werden mag. 


Botanisch Laboratorium. 
Utrecht, Juni 1929. 
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Hydrodynamics. — On the application of statistical mechanics to 
the theory of turbulent fluid motion. III.') By J. M. BurRGERs. 
(Mededeeling N°. 12 uit het laboratorium voor Aero- en Hydro- 
dynamica der Technische Hoogeschool te Delft). (Communicated 
by Prof, P. EHRENFEST). 


(Communicated at the meeting of June 29, 1929). 


8. Deduction of a new form for the dissipation condition. 

In Part II we have devoted much attention to a relation that was 
deduced from the dissipation condition and led to certain results con- 
cerning the resistance coefficient and the distribution of the velocity of 
the mean’ motion. As the distribution obtained differed rather from that 
observed experimentally, we tried to penetrate into the physical meaning © 
of this condition; in doing so we struck upon the circumstance that, as 
the mean motion in our equations was defined as a mean with respect 
to time, a variation effected in the intensity of the relative motion, 
applied during a small interval, brought about a variation of the mean 
motion over the whole of the time considered. The latter variation in 
its turn influenced the transmission of energy from the mean motion to 
the relative motion — again during the whole of the time considered, 
a result which seemed rather difficult to understand from a physical 
point of view. ‘ 

As has been mentioned at the end of § 6, this difficulty — though, 
as will be shown in § 11, it is more an apparent than a real one — 
can be obviated to a certain extent by defining the mean motion as a 
mean with respect to x. In the normal state of turbulent motion we may 
safely expect that this will lead to the same result as the use of mean 
values with respect to time, and indeed in various investigations relating 
to turbulent motion space means are used instead of or along with 
time means. The reason that in our former considerations we adhered 
to mean values defined with respect to time, was simply that in the 
case of a stationary mean motion this seemed to be the most natural 
procedure. ; 

In order to develop a system of formulae on the basis of mean values 
defined with respect to x, we start afresh from the real motion. Quan- 
tities relating to the latter shall be distinguished by the index r: u,, v,, 
¢,, pr. Then we define the mean velocity UW and the mean pressure P 
by the equations: ‘ 


1 
Ua, Th Geo. 


OO oe 
Ox SE fran 


Oxegen Le) 


1) Parts I, II have appeared in these Proceedings 32, p. 414, 643, 1929. 
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The integrations with respect to x are extended from x= x) to x= 
X) +L, where L is a length which may be taken arbitrarily great. 
Neglecting quantities of the order L—', we further have: 


1 1 a all b 
r feede=0 r [ee= a Hg pe OT 
Moreover in order to ensure the stationary character of the mean 


motion, and to be able to fix the value of the mean pressure gradient, 
we shall suppose: 


Ou, 


L} <r sns= ON Ts tare . 'G he. (51°) 
Then the relative motion is defined by means of the formulae: 
du 
u=u,—U, Weeds Jehieipie: p=p-—P. (52) 


Now from the equation for the x-component of the real motion 
(expressed in non-dimensional variables): 


tae ers) | “alkane .(53) 


we deduce (by integrating it with respect to x and dividing it by L): 


PU _ P,; — Py 


0 
1 ea ee 
Res dg? L ny Ls eer. 


In the second term on the right hand side of this equation we write 
1 0 el (IOI 
= LI 2 ee we Se (Se 
U,V, v-+ uv; then the term i {4 ay (Uv) a6 (rf de) may be 


omitted on account of (51°); in this way we get: 


Z 
ie ‘oH eS yo deat ae <) Meee Ba) 


We consider again the case of the motion between two fixed parallel 
walls. As we may deduce from the equation for the y-component of 


DP, 


the real motion, can be treated as independent of y; hence 


from (54) we obtain: 


R- = Set ae ee’ (549) 


We multiply this equation by y and integrate it over the breadth 
of the channel (i.e. from y=—4 to y=+4); then we get: 


oe T[fardy yao + 12k 
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Substitution of this result into the former equation leads to: 
du dear ie Ro 
ae =—12y L [faedy gue ty [dew eet eS), 


Now the equation for the rate of increase of the energy of the real 
motion can be written (with unsignificant neglections) : 


E= {op u,)1 dy —[e. u,)1dy — R-! fax dy 0? aaa Se} 


As [u, dy = 1, further ¢, =F +0 and r {tar=0. we may trans- 


form this expression into: 


= 2 duy? 
Bip PARR 'L {ao(S2)— Rf faeay (56) 


in which terms that do not become of the order L have been neglected. 
Substituting now the values of (P; — Py) and of dU/dy as given 
above, we obtain: 


. 


pee dy( (dew) +55 (_[ deedy yuo) + | 
i « (57) 
+12 | {dedy yw — Ro [ dx dy 0? \ 


Until now we have restricted ourselves to the consideration of the 
motion at a given instant of time. Henceforth we shall introduce the 
supposition that the mean value of E with respect to time must be zero. 
This will give us the new form of the dissipation condition. 

In order to put this supposition into a form which can serve as a 
basis for a statistical treatment, we use the same scheme as has been 
applied in § 2, Part I (lc. p. 417 seqq.). We represent the various 
types of relative motion, occurring in the sequence constituting the 
normal state of turbulent motion, by means of points in the &-space. 
The numbers of the points in the cells of equal volume w in which the 
E-space is divided, are denoted by ny =», M, ny=7,M,..., so that 
= v=1 (comp. eq. 9). Then, making use of (10), the dissipation con- 
dition can be written: 


Si ESO oo, 2b fn tee elaes 


In order to compare this new form with that given in § 4, equation 
(31), we again introduce the abbrevations (3), and express integrations 
over the x, y-plane by summations with respect to the index k=k,+ik,. 
When we put: 


BP SS ROMS BO ae ee on 
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we obtain: 
‘ € WA Re 
e—? F® =— Sv (24)? ——— Jr (JT yt)? + 
rn ae rE, i re k 
(59) 
i h2 ws 3 eS ae 25y\ 
eee eRe 


It will be seen that the first two terms of this expression differ from 
the corresponding terms occurring in (31). In the normal state we may 
expect that for the majority of the various relative motions presenting 
themselves in course of time, mean values with respect to x will be — 
equal to the corresponding mean values with respect to time, so that: 

prez nah n 

Then (59) will be equal to (31). 

The variation of F* which is caused by an arbitrary variation of one 
of the »’s, however, is different in the two cases. On account of the 
new formula (58?) we obtain: 

6F* =— R“ Bo». 

Hence when we retain the probability hypothesis formulated in § 2, 

the “most probable distribution’ of representative points now becomes: 
sere apie eee We (60) 

Here for the parameter we have written 6/L instead of 8, in order 
to simplify some of the formulae occurring in further deductions. (It 
will be seen that E/LZ measures the mean rate of increase of energy 
per unit length of the channel). 

Formula (60) has a more simple structure than the one obtained 
formerly (equation 21), in as much as it is not an implicit equation: 
for every given function y (i.e. for every given point of the &-space) 
the value of E is at once wholly determined by (57). When we put: 

eee Eee ee te SS bs LOL) 

(where the summation is extended over the whole of the &-space), we 
have: 

Ata 3/7 alee Clg ie ss hs et et (OL) 

The value of # is determined by the condition (58); it is easily to 
be seen that this condition may be written: 


=o ee (Ala ae tt es van eee eZ) 


When § has been found all mean values can be calculated; so for 
instance we get for the resistance coefficient (compare the definition of 


Gin § 4): 


=; ( erm [ae dy yw) 
Gets Par 6 « a 6 
2 ye ZL R 


(63) 
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It may be of interest to remark that equation (60) can be obtained 
also by FOWLER’s method of calculating averages by means of the 
introduction of a partition function. 1) This avoids the use of the con~- 
ception of a “most probable distribution”. We then have to reason as 
follows: We have assumed that the course of the turbulent motion 
during a given lapse of time T can be described “microscopically” by 
giving the states of the field at IM moments, separated by equal intervals 
T|M. In such a sequence of instantaneous states the various fields of 
motion represented by the points of the &-space (or rather by the centra 
of the cells in which this space is divided) occur resp. ny, nz, n3... 
times, where + n= (summation extended over all cells of the space). 
For a “macroscopic’’ observer the set of numbers n,, n,, n3... only is 
of importance; not the various ways in which the individual fields may 
be arranged. When each possible sequence is counted for one, then 
there are 


differently arranged sequences corresponding to a given set of numbers 


Ny, Nz, nNz,... (comp. eg. 14). Hence in the assembly of all possible 
sequences the average value of any one of then’s, say of nj, is given by: 
aa tad Se W 7; 


where the summation =* is to be extended over all values of the n’s, 
consistent with the relations: 


Snip, 2 ny By = 0: 
j i 


Making use now of FOWLER’s methods we can easily show that the 
average value n, is equal to the value given by the system of equations 
(60)—(62). Summarizing in a few lines: we introduce the partition 
function: 


A= si, 
j 
s being a complex variable; then we have: 


221i 
ie 


S Waa [Sim 2 Wy aie (SPA poe, 


where y denotes a closed contour circulating counter-clockwisé round 
s=0. Application of the method of “steepest descent” finally gives: 


1) Comp. C. G. DARWIN and R. H. Fowter, Phil. Mag. (6) 44, p. 450, 1922; R. H. 
FOWLER, Statistical Mechanics (Cambridge 1929), p. 22 seqq. 
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% being the root of df/ds=0. When s is replaced by e*!, n; by Mvy, 
we immediately see that this result is equivalent to the one formerly 
obtained. 

All mean values may be defined in the same way, as for any quantity 
X we may write, starting from equation (10): 

* 
Peay) 
1 Oa ie YW, : =*W 

This formula, however, is practical only when the oe nj Xj; can _ 
be calculated easily. 

Another point that may be noticed relates to the evaluation of the 
mean value occurring in (63). The following formal device may be used 
for this purpose. We write: 


12 { fdvdy yw = BL, Rf [dedy ? = BL 
. : S ay aA 
fas( farw)—2(| de dy yuo )= R'E" L?, 


so that: E=L (E’ — E” — E”). Then we put: 


VED hc en te ee ae ee YE) 
and replace (62) by the ie of equations: 
OZ 104 eer Vinee AR BIE a 
tape t sp =O: P=f=F $ M t - (62) 
In that case we have: 
BEIL 
Peat | dedy yuo) Neb aie aes) a 
Le Z A aay ediman et i 


In the deductions of the following §, however, we shall adhere to the 
expression (61) and to formula (62), containing one parameter f only, 
though the extension to the case of more f’s is not difficult. 


9. Investigation of equation (62). 


The first question which now presents itself is whether the sum 
occurring in (61) converges. According to a lemma called after SCHWARZ 
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dy( {ae w)> @ de dy yw) . 


Hence the terms of E& that are of the fourth degree relatively to y 


we have: 


or: 
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are definite negative, and so E certainly will become negative when in 
the &space we go to infinity in an arbitrary direction. ') 

In order to get some insight into the general character of the distri- 
bution of points, determined by (60), we introduce polar coordinates 
into the &-space, and begin with the consideration of a cone of infinitely 
small aperture dy stretching out radially from the origin. The points 
within such a cone represent similar fields of motion. Hence putting: 
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Then: K and H have the same values for all yoints within our cone; 
these values moreover are independent of L and of N. In consequence 
of the lemma mentioned above H always is positive; K on the contrary 
will be negative for some directions in the &-space, positive for others. 
The value of E/L now becomes: 


we may write: 


BE) DS Kiet High. 2 a 2. eon 
The distance r of any point of the &space from the origin is given by: 
Parque? | (dedyy = Le No wear ae (00) 


(It has to be reminded that the number of points in the lattice, N, 
can be obtained by dividing the area of the channel by «*. As the 
breadth of the channel is unity, and the length considered is L, we have 
N=<«-?L). Now the volume of the element of the cone contained 
between “spherical surfaces’’ with radii r and r+dr is equal to 
rN—| dr dy = NN oN—' de dy. Consequently equation (62) may be written: 


N—1 9 (Ke?— He) — 
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The constant factor N%? has been omitted, as this factor has no 
influence on the distribution. The integration with respect to dy has to 
be extended over all possible directions of the é-space. 

Instead of this equation, however, we shall provisionally consider an 
approximate form, in which the integration with respect to dz is not 


1) The inequality could become an equality only when [ dx uv considered as a function 


of y should be proportional to y. This, however, is impossible, as uv =0 at the walls 
of the channel, ie. for y = — 1/2, 1/2. 
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executed, and which in consequence relates to one elementary cone only. 
So putting: 
Zi dee’ ae he Kea) 


, 
0 


(in which for simplicity we have written N for N—1), we will consider 
the equation: 
A 
Op 


We shall suppose that for the cone considered K >0,-as otherwise 
this equation would admit no solution; then for the evaluation of Z, 
we may apply an approximate method, making use of the circumstance 
that the exponent of e passes through a maximum for a certain value 
Q) of @, which is determined by the equation: 


== 0), 


N+20Ko—4$ Ho} =0. Poth: eee (a) 


This equation gives us: 


2 _ 4NH 
ig intin EU eKE BR? ° 


As the second derivative of the exponent for eg, takes the value: 
— P+ 26K —12pK oh =—4V PRT ANA, 
0 


we may write for the exponent: 
N Ig 00 + B(K of — H of) —2V #? K? + 4BNH.(e—a)' +.. 


When we assume provisionally that the coefficient of (e—g,)? is large, 
‘we may neglect the terms not written out in the above expression (which 
are of the third and higher degrees in (o—@,) ), and we find the following 
approximate value for Z,: 


P = oN lg po + AIK h—Hep) 
=| 4 (6?K?+48NH)i 


Now we apply the condition 0Z,/08—=0. Having regard to equation 
(a), we obtain: 


26K?+4NH 
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As we may increase L indefinitely, N may become as large as we 

please. Assuming for a moment that f increases simultaneously with N, 
we shall neglect the third term of equation (b), which gives us: 


Roop = EL gt 20 ge ey. teaeame « {e) 


53 
Proceedings Royal Acad. Amsterdam. Vol. XXXII. 1929. 
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from which we deduce: 


Then (a) gives: 
B= N Ay2 Kk? 
which justifies the supposition about the order of magnitude of f. The 
same result is obtained when the value of @ 7 is substituted immediately 
into equation (6); with the abbreviation NH/BK? =s, this equation then 
takes the form: 


ply poe er 
1—2s+Vit4as= a 


with the solution s=2 for N~ o. 
Equation (c) is equivalent to the formula: 


Ee=po) =='0, 


The coefficient of (e—g9)? in the development of the exponent now 
assumes the value 3NH/K; this may be made arbitrarily great by 
increasing N, which justifies the procedure adopted in the calculation of 
Z,. The value of Z, finally becomes (when we write again N—1 


for N): iis Bi 
Z—V ae) 


This result shows us that small variations in the value of the quotient 
K/H will have a very large influence on Z,. Let us suppose that there 
exists a maximum value for this quotient. As the value calculated for Z, 
is the maximum value that quantity can attain when A is varied, it seems 
reasonable to expect that in the full integral: 


oo 
Z= | dy (doe) lor + Ake —He4 
0 


only those elementary cones will contribute significant amounts for which 
K/H differs only very little from its maximum value. Then the value 
of 6 that makes Z stationary will be approximately : 


B=NAH/2K? for K/H=maximum. 


So we are led to the supposition that in studying the properties of 
the “most probable distribution of representative points’ and in calcul- 
ating mean values relating to the normal state of turbulent motion, we 
have to take regard only of those regions of the é-space, that lie around 
the’ points defined by 


= 05 Kj = maxima. a) eo) 


We readily own that this reasoning is only approximative, and that 
it is not easy to estimate the extent of the regions mentioned. The 
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increase of the number of dimensions of the é-space, which is the 
consequence of an increase of L and N, makes the study of this problem 
rather complicate. We have to bear in mind also that all fields which 
can be deduced from a given one by a shift parallel to the x-axis over 
an arbitrary multiple of ¢ (the number of fields obtained in this way is 
Le"), will lead to very nearly the same values of both K and H. }) 
As to such a shift corresponds a certain permutation of the coordinates 
in the &space, we must expect that there will be Le different cones 
for which K/H assumes the same value, f.i. attains its maximum value. 
Besides it has to be remarked that K and H do not change, when we 
change the sign of all the coordinates in the &-space. 


10. Further approximations. — Introduction of a special vortex field. 

Notwithstanding the difficulties mentioned at the end of the foregoing 
§, we will go still further with our approximations, and shall assume 
that in calculating mean values we have to take regard only of a number 
of equal small elements of volume of the &-space, each having its centre 
in one of the points defined by (69). Then we may even restrict our- 
selves to the consideration of one such an element of volume, as all of 
them contribute the same amount. This amounts to saying that we have 
to determine only that field of relative motion, which makes: 


see) AU kat ee ganesh Pee (O98) 


(that .-is to say, which fulfills the ordinary dissipation condition), and at 
the same time makes: 
Kei maximumiys, 6 Ges he oe ee (O92) 


Now here we have arrived at a point of view, which presents some 
resemblance with that taken in a former paper on the resistance expe- 
rienced by a fluid in turbulent motion. ?) 

In that paper we had tried to get an estimate of the maximum value 
the resistance coefficient could possibly obtain. 

Introducing the notation (comp. l.c. eq. 52): 


1 1 : > 2 
e [[dxdy yw DE dy(_feue ==(L— hoe, 
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1) That the values of K and H in general will not be exactly the same for all fields 
obtained by the process indicated, is due to the fact that the values of » which in one 
field occur in the points of the end sections (resp. at xo and at x9-+L), in another field 
lie in the interior. The influence of this circumstance will be very small, however. 

2) J. M. BURGERS, these Proceedings 26, p. 582, 1923. 


and putting further: 
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we have: 


K/H=417"! (R“1 —« R-?). 
The condition E=0 gives for o (comp. l.c. eq. 53): 
C==7 (Ret aR), 
whereas from (63) we deduce for the resistance coefficient C: ') 
C=6(6+ R-}). 

In the paper mentioned we had asked for the maximum value of o; 
now we ask for the maximum of K/H. In order to obtain an idea of 
the order of magnitude of the quantities introduced, we may construct 
special fields of relative motion and calculate the various integrals for 
them. As has been shown in that paper, fields which shall give high 
values for o have to satisfy the condition that strong vorticity is present 
only in very thin layers along the walls. This can be obtained by con- 
structing fields, in which the “mean wave length’ is small in the region 
along the walls, and increases towards the central region. Such a field 
can be built up in the simplest way from an assemblage of elliptic 
vortices of the type studied by LORENTZ.) These vortices are deduced 
from circular vortices by a compression in the proportion «=0,475 in 
a direction inclined to the x-axis. Two groups of them have to be taken, 
one lying against the wall y=— 4, consisting of vortices for which uv 
is mainly negative; the other, lying against the wall y = + 4, is obtained 
from the former one by a reflexion in the x-axis. The vortices in either 
group have “thicknesses” D (by which their dimension in the y-direc- 
tion is denoted) ranging from 1 down to a minimum value Do. Consi- 
dering particularly the vortices lying against the wall y = — 4, the number 
and mean intensity of a subgroup, having thicknesses between D and 
D-+dD, is taken such that the contribution of this subgroup in the 


integral i & uv = uv for a value of y’ =4-+ y, less than D, is given by: 


—m(D-\— 4) dD. @ WD) a) 


where m is a constant, and ¢ is the function defined by (7)—7*(1—7)*. 3) 
By means of this formula the value of uv, due to all vortices together, 
can be calculated for any value of y; from this calculation was deduced: 
tg 22,129 Dork, 28). a iemeqmans) 


As for every individual vortex the relation existed: 


[inare= | ffmer 


1) Lic. equation (54). In the paper of 1923 the value of C is double of that taken now. 

2) H. A. LORENTZ, Abhandlungen iiber theoret. Physik I, p. 48—52. 

3) Comp. lc, equation (55). The constant factor m is omitted in the formulae of that 
paper. 


(lc. eq. 30) 
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(here the integrals are taken over the area of a single vortex only), the 


value of {{ dx dy ¢? for the whole system also could be calculated; 


this gave for x: 
BEL ee ory ch vo (he eg. 58) 


The quantity 2 was not introduced in the former paper. It can be 
calculated on the same lines as x, as soon as we know the coefficient a 


[[ardy y= aD [fas daw 


in which the integrals again relate to a single vortex. It is not difficult 
to determine this factor: as the elliptic vortices are deduced from circular 
ones by a compression in the proportion ¢«, while the velocity component 
in the direction of the compression was reduced in the same proportion, 
it follows that the stream function in any point of the elliptic vortex is 
egual to « times the stream function in the corresponding point of the 
circular vortex. We pass over the calculation of the latter quantity, 
and mention only the result: 


in the equation: 


, 


a= 0,144, 
which leads to: 
A=0,112. 


It has to be remarked that this quantity — at least to a first approxi- 
mation — appears to be independent of D). 

Now we can introduce the results for zt, x, 4 into the expression 
for K)H. 

As the value of Dy has not yet been fixed, we can ask for that value 
which makes K/H a maximum. It is readily seen that this is the same 
value Dy as makes o a maximum. Hence in this case the condition (69°) 
is identical with the condition of maximum resistance; in other words: 
we completely fall back on the result of the former paper. We obtain: 

D202 Ra o=0,00090, K/H =0,00010, 
and: 


~ C=0,0054, 


which is much higher than the values observed experimentally. 

It is interesting to consider the distribution of the velocity of the 
mean motion obtained in this “model’’. According to equation (56) of 
the paper mentioned, we have for values of y, numerically less than 
4—Dbp: 

—_m 
uv = 140 y, 
where again we have introduced the factor m, mentioned above in 
connection with equation (a), and at the same time have substituted y 
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for y—+4, according to the position of the axes used here. Further it 
was found that: 


+*]s 
o= [dy y w= aac — ) = 0.00090. 
Sys : 


Introducing both expressions into equation (55) of this paper, we 
obtain : 


dul 8 m 
This is not much better than the result of § 4, though the curve for 
U becomes a little bit flatter. 


11. General remarks. Other formulation of the problem. 

The result of the foregoing § does not seem very ‘satisfactory. But we 
must not forget that we have artificially reduced all integrals over the 
E-space to a single point, and thus have made a caricature of the general 
equations. So it may be that there is more good in them than would 
appear from § 10, and it is still possible that formula (63), when cor- 
rectly worked out, will give a better result. In fact it fulfills in so far 
the requirements, mentioned in the former paper (l.c. p. 600), as that it 
leaves room to irregular displacements and deformations of the vortices, etc. 

Meanwhile it is of importance to make some remarks about the 
relation between the two different methods we have used to arrive ata 
distribution function, especially as it is possible to develop a third system 
of formulae on a basis which takes a somewhat intermediate position 
between those two points of view. 

It might be argued that the procedure adopted in § 8 of defining the 
mean motion as a mean with respect to x introduces a similar difficulty 
as the method of employing time averages did, in so far as the new 
definition implies that the variation of the relative motion at a certain 
part of the channel would influence the mean motion over the whole 
length of the latter. On viewing closer, however, this difficulty is but 
an apparent one. The deductions of § 8 are based on the instantaneous 
state of the real motion over the whole field; the various equations 
served only to obtain a transformation of equation (56), and in this 
transformation UJ and P may be considered as purely formal quantities 
without any further meaning. When the state of the real motion has 
been given, the value of E can be calculated at once, either from (56) 
or from (57). 

The only assumption of a more physical nature that has been made, 
is the one expressed by equation (51*), which served to obtain (55). In 
the deductions of § 8 these equations (51°), (55) were considered as being 
valid at every moment; consequently the latter could be used to eliminate 
dU/dy from (56%). 
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An analogous remark may be made in connection with the deductions 
of Parts I and II. The object of these deductions can be expressed as 
follows: to obtain a transformation of the integral of the rate of increase 
of the energy over a long interval of time; in such a transformation 
time means may be introduced as formal quantities. Thereby, at least in 
the calculations of § 4, the equation (27) was considered as being valid 
at every point of the channel (in § 5 a somewhat more general stand- 
point was taken). 

Now instead of accepting either the one or the other supposition, 
we may take an intermediate point of view, and demand that equation 
(55) shall be satisfied only on the average over a long interval of time. 
We may just as well replace equation (27) by its integral over x. The 
latter way is not wholly so simple, as for a more rigorous treatment it 
would be necessary to start from equations (44). The consideration of 
equation (55), however, will be sufficient. We shall adhere to the sup- 
position that the total flow through a section of the channel remains 
absolutely constant, as this is the kinematical basis of the boundary 
conditions for the stream function. 

When we wish to construct a system of formulae consistent with this 
idea, we must retain the real motion explicitly in our equations, and 
eliminate only P;—P, by means of the condition of constant total flow. 
We then write (comp. (55) and (56°) ): 


te. 


ly 1 idH | i2y : 
Ti [aedyyao—y dx uv +p atk a (70?) 


Bod 1 @HaIN2 NP 
Lb. [sda (12. ya — 2) — Bp [dy (G + R: (70°) 


In these expressions u,v, ¢ are derived from the stream function y as 
usual. U is derived from a new stream function for which we shall 

write Y, and which is a function of y only, so that U—Y’. The boundary 
conditions to be satisfied by these functions are: 


ee Y=p— +, Y’=y=dy/dy=0 


eal 


peed, Ved, § Y= yoyldy=0. 
The &space must now be extended by e—! new coordinates 7, 2,... 
yk ..., Which represent the values Y takes at a cross line of the lattice 


(i.e. at a row of points, parallel to the y-axis). It will be convenient to 
call the space determined by the 7's: the y-space, and to retain the 
denomination é-space for the one determined by the é’s only. The whole 
may be denoted as &, 7-space. The values of v (which like Y is a function 
of y only) in the points of a cross line shall be denoted by x. Then 
the following conditions have to be fulfilled: 


ESyiis, 0! yo, ope OES Dien asec. (71) 
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where the summation has to be extended over all the cells of the 
&, n-space. 
The distribution function now becomes: 
B(E+ex )/L 
yv=Ae i oe 
where the parameters f,y,,y2... have to be determined from the 
conditions (71). Putting: 


Zhe (72) 


B(E+eL yz, vp lL B(E+Sdyy/L 
k oe 


whete the first summation again is extended over all the cells in which 
the &, 7-space is divided, we can write these equations: 
0Z/0p =0; 6Z=0 for an arbitrary variation of y(y). (73) 
We shall not go into a detailed discussion of these equations, and 
will mention only a few points. Collecting together the various terms 
in the exponent of e we have: 


E+ {dyyv eas : 
== dx dy —uv| —12y | di Py |= kh oa 
L all ‘ a. wo v| Nei v) i (74) 


Lain P ; iy) 
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It appears that the part depending on Y is definite negative. The 
part depending on wy has a form which reminds immediately the formulae 
of § 4, Part I]; when we put: 


e W=R'(— 129 fdyryty— 129) Rr, 10E)) 


we may write for it: 


: oy 0 
—f [fazay R70 weer gese 


Hence we see that this part will be definite negative only when the 
function q”* fulfills the same condition as was asked for the function p 
investigated in § 4. Thus for y<0 we have (comp. eq. (36) above, 
where y’=3+ 9): 

—12y]/dyyyty—l2y¥< vas ee 
eyyayyyTy y R(t +y) 

When £ and y(y) are known, the mean value of U’ is derived from: 


Fie SY UW eH bRo say (U2 7 UW) 3 
Se BRS dy U? 7 W) (77) 


(76) 


It is readily seen that the function Y,, which makes the exponent of 
e a maximum, is determined by: 


2Yv"—2UuU, =y". 
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Hence: 
y=2U,+cay+ ce. 
We may suppose that y—0O in the axis of the channel, and so we 
can discard c, Substitution in (76) then gives: 
If A 
2U,, + 12 ae 
TIS RG ie 
This condition recalls the result of the end of § 4, but it has to be 
observed that now U/,, is not equal to the mean value of U. 


Further investigations will be necessary to throw more light on this 
point. 


I should like to mention two more questions which arise in connection 
with our deductions. 

A thing which is not cleared up is the part played by the number 
of coordinates in the &-space, particularly in so far as it depends on 
the magnitude of « (the spacing of the lattice introduced into the x,y-plane). 
Allusion has already been made to this circumstance in § 2, Part I, in 
connection with equation (16). Another point is this: the results of § 9 
seem to make it probable that when L is taken large enough, the values 
of E for the most frequent fields will differ from zero only by amounts 
of the order L/B=2LK?/NH=2 & K?/H. It is somewhat surprising 
that the value of e« here suddenly turns up. 

The other point I would consider is about the weights given to the 
various fields present in the sequence. We have given equal weights to 
equal-volumes of the &-space, and leaving aside the considerations of § 2 
connected with LIOUVILLE’s theorem, the question again might be put 
forward whether we are right in doing so? Might not it be that some 
fields a priori had a greater probability than others? From the point of 
view accepted in statistical mechanics this could only be the case when 
our fields could be built up in various ways from other units. But our 
fields are already fully specified. And the introduction of “units’’ for y by 
means of which its value in every separate point could be built up in 
various ways, would seem rather absurd. 

The introduction of principal solutions (Eigenlésungen) of any fourth 
order differential equation for y does not promise any help. Every field 
we considered can be built up from such functions in one way only. 
The use of such functions comes down to the introduction of a new 
system of coordinates in the space, to be derived from the é’s by 
means of an orthogonal transformation; so it does not change the constant 
proportion between weight and volume. Principal solutions are useful 
only, when they make it easier to express the energy or some suchlike 
quantity. 

Hence it would appear that there is no indication which forces us to 
look for other weights. 


